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In a recent paper (these Proceedings, ser. B, vol. 59, 1956, pp. 204-210) 
Prof. Dr. G. H. R. von KoENIGSWALD discusses my views on the correlation 
of fossil mammalian faunas and on the Plio-Pleistocene boundary in 
Java. Such a discussion has now been looked forward to for several years 
as a means of further exchange of arguments in order that the dispute 
may be eventually settled, one way or another. Most unfortunately, the 
recent discussion by VON KOENIGSWALD appears to offer very little in 
the way of argumentation. My correlation table (first published in these 
Proceedings, ser. B, vol. 55, 1952, p. 442) has been misinterpreted. Argu- 
ments advanced by me have been either overlooked or passed by without 
due consideration. Further, from studies lately made on the proboscideans 
and on the bovids of the Pleistocene of Java certain facts have emerged 
that have a bearing on the correlation of the faunas in question. It is 
therefore imperative that I labour the facts once more, endeavouring 
to point out how we are led to the following conclusions: 1. The Kali 
Glagah and the Tjidjulang faunas of Java are Villafranchian, Karly 
Pleistocene in age instead of Pliocene as held by Von KonniaswaLp; 
2. The Djetis fauna of Java is early post-Villafranchian, Middle Pleistocene, 
just as is the Trinil fauna. Von KornicswaLp would have us call the 
Djetis fauna Villafranchian, Early Pleistocene. 


To begin with, I find that I am taken to task by Von KornicswaLp 
for correlating the Boulder Conglomerate of India with the Djetis beds 
of Java, and the Narbada beds of India with the Trinil beds of Java 
(Von KoEnteswaLp, 1956, p. 204/205), in other words (l.c., p. 210) for 
‘“HooisEr’s method, who rigorously correlates stage by stage’’. In reality, 
I have done nothing of the kind; it is only block correlation that I have 
attempted. As will be seen from my correlation table (Hoo1sER, 1952, 
p. 442) I took the Narbadas and the Boulder Conglomerate together as 
forming the Middle Pleistocene assemblage of India, correlative with 
the Trinil and the Djetis beds, the Middle Pleistocene assemblage of 
Java. The Boulder Conglomerate, in which fossils are very rare (OSBORN, 
1936, p. 448), is commonly taken together with the Narbada beds as 
representing the same Middle Pleistocene fauna, so it is in COLBERT (1940, 
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p. 9; 1943, p. 426), in Movrus (1944, p. 18), and so it is in VON KOENIGS- 
WALD (1950, p. 93, table 13a). To conclude from my table that the Narbada 
beds are strictly equivalent to the Trinil beds, and the Boulder Conglom- 
erate to the Djetis beds is drawing false conclusions. 

In my table a distinction has been made between two stages only, 
one Lower Pleistocene in age, and the other Middle Pleistocene. These 
two successive mammalian faunal stages are widely distributed in South- 
eastern Asia, and have been recognized in India, in Burma, in Southern 
China, and in Java. The first of these stages has a Villafranchian character ; 
it is the Siva-Malayan fauna of VON KoENIGSWALD (1940, p. 70; 1950, 
p. 92). The second stage is known as the Stegodon-Ailuropoda faunal 
complex, early post-Villafranchian in character, that originated in 
Southern China (MATTHEW and GRANGER, 1923; CoLBERT and HoorsEr, 
1953). It is present as invading assemblages in India, in Burma, and in 
Java, and was named “‘faune “‘sino-malaise’’”’ by TEILHARD DE CHARDIN 
(1935), a term adopted by Von KOENIGSWALD (1939, p. 49; 1940, p. 72). 
These two stages, the Siva-, and the Sino-Malayan faunas, respectively, 
are very convenient for correlation purposes in Southeastern Asia; 
references and lists of the faunas contained in the various deposits, by 
genera, will be found in HooweEr (1952). 

The Siva-Malayan fauna is characterized by Archidiskodon, Mery- 
copotamus, and Hippopotamus; these genera occur in the Tatrot and in 
the Pinjor zones of the Upper Siwaliks of India, and appear first in the 
Tjidjulang fauna of Java, marking the invasion of this fauna into the 
island (VoN KoxENIGSWALD, 1940, p. 70; 1950, p. 92). Hence, there is 
nothing against a correlation of the Tjidjulang fauna with that of the 
Tatrot zone, and this has been generally agreed upon as shown by the 
correlation tables by Von KoEmniaswatp (1939, p. 50; 1940, p. 74; 1950, 
p. 93), by CotBEerT (1942, p. 1454; 1943, p. 426), and by Hoover (1952, 
p. 442; 1955, p. 5). 

The species of Archidiskodon found in the Tatrot zone as well as in the 
Pinjor zone of India is Archidiskodon planifrons (Falconer et Cautley) 
(HooErR, 1955, pp. 92-103; 1956b), and the same species has been 
recorded both from the Tjidjulang and from the Kali Glagah beds by 
Von KoEnicswaLp (1939, p. 31; 1940, p. 74; 1950, p. 92). However, 
the Tjidjulang Archidiskodon was first described by Von KoENIGsSwALD 
in 1951 as a distinct species, A. praeplanifrons, “primitiver als das indische 
planifrons und somit augenscheinlich alter’? (VoN KoEniaswatp, 1951, 
p. 273). 1 have discussed the finds (an upper milk molar and a premolar), 
and have come to the conclusion that these specimens do not warrant a 
specific distinction from A. planifrons proper (HoomER, 1953, pp. 225, 
227; 1955, p. 95). “Hoorsr’s argumentation has not convinced me that 
Tam wrong” (Von Konntaswatp, 1956, p. 207). As long as Von Kornigs- 
WALD does not produce any further and more convincing evidence for 
the specific distinctness of his A. praeplanifrons than is given in his 1951 
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paper I am at a loss how to continue the discussion. The crux of the whole 
argument is that Von KoENIGSWALD bases his new species upon the 
unproven association of two isolated finds, each of which would fit in 
nicely with the dentition of true A. planifrons, one as DM, the other as P*. 
This material does not prove the Tjidjulang Archidiskodon to be different 
from Archidiskodon planifrons of the Upper Siwaliks of India. 

In his recent table of distribution of genera, which has guided him in 
his correlations of Java and Indian faunas, Von KoreniGswaLp (1956, 
p. 206) leaves out Archidiskodon (or Hlephas) for the Tjidjulang fauna, 
while the elephant of the Kali Glagah is now stated to have come from 
a higher level (Le., p. 207). The milk molars of Archidiskodon planifrons 
described by me from 500 m N.W. of Karang Djati, and from Tritik, 
both in Java (HooweER, 1955, pp. 94-96, pl. XI) “most probably come 
from the Djetis’ (Von KomntaswaLp, 1956, p. 206). The Archidiskodon 
described by Von KoENiGswatp (1951) originates from Tjidjulang proper, 
and proves that the genus was already present in beds in Java below 
even the Kali Glagah, which latter underlie the Djetis beds. 

The reason why I have dwelled on the occurrence of Archidiskodon in 
the Tjidjulang and later beds of Java is that this genus is today considered 
one of the principal mammalian forms serving to distinguish Pleistocene 
from older deposits. The idea originated with Have (1911, p. 1767) who 
discussed the lower boundary of the Quaternary, pointing out the 
importance of “‘des types nouveaux d'origine asiatique, qui apparaissent 
brusquement dés le Villafranchien. Ces immigrés sont les genres Hlephas, 
Equus et Bos. Leur introduction soudaine dans la faune européenne 
constitue un événement assez important pour justifier létablissement 
d’une coupure de premier ordre. Aussi placerons-nous a la base du Quater- 
naire le Villafranchien...”. This view was taken up again by Hopwoop 
(1935, p. 47) as “‘there is no doubt that these three genera form convenient 
guide fossils for the separation of the Pleistocene from the Pliocene, and 
that the presence of any one of them is sufficient reason for assigning a 
Pleistocene age to the bed in which it is found”. During the last few 
decades the principle of placing the Villafranchian fauna, with Archidis- 
kodon (the first true elephant), Equus, and Leptobos (substitute for “ Bos”’ 
of Haua, see Pinarm, 1944, p. 29, footnote) as the main invading forms, 
at the base of the Pleistocene has been widely followed, and the Upper 
Siwalik Tatrot and Pinjor zones as well as the Tjidjulang and Kali Glagah 
beds of Java, because of their Villafranchian aspect, have been assigned 
to the Lower Pleistocene by CoLBErT (1942, p. 1454; 1943, p. 426), 
Movius (1944, p. 84), and myself (Hoomsmr, 1951, p. 274; 1952, p. 442; 
1955, p. 5). Although Von Koxrnicswatp is inclined to accept the first 
appearance of Archidiskodon, Equus, and Leptobos as markers for the 
beginning of the Pleistocene in Europe (see Von KoxnnicswaLp, 1956, 
p. 207) he is rather disinclined to adopt the same principle in Asia. The 
principle of simultaneously immigrating forms may indeed lead to diffi- 


4 


culties when employed to areas near the (supposed) center of evolution of 
the group. The archidiskodonts and the leptobovines “evolved in or near 
to northern India and probably appear in the Indian deposits at an earlier 
date than elsewhere” (Hopwoop, 1938, p. 473). Of the three charac- 
teristically Villafranchian genera Archidiskodon occurs first in the Tatrot 
zone, while Equus and Leptobos make their first appearance in the Pinjor 
zone (Hoo1sER and CoLBErRtT, 1951). Hquus arose in North America, and 
therefore may be “the guide fossil for the Pleistocene par excellence” 
(Von KoEniGswaLp, 1956, p. 208), but this genus has never been found 
in the fossil state in Java. Hence, it cannot be used in correlating the 
fossil faunas of that island with those of India or of Southern China, in 
which it first appears in the Pinjor zone, and in the Ma Kai Valley silts, 
Yunnan (CoLBERT, 1940), both Villafranchian assemblages. 

Leptobos has been recorded from Java, first by DuBots (1908, p. 1261) 
and afterwards by Von KoEniaswaLp (1934, p. 193), who found it to 
occur with the Djetis fauna. However, as already observed by Piterim 
(1939, p. 307) the Java Leptobos in almost every one of its characters 
shows a distinct advance on Leptobos falconert Riitimeyer of the Pinjor 
zone. I have recently studied the “‘Leptobos’’ material from Java in the 
Dusois collection, and have made extensive comparisons with the 
European Villafranchian species as well as with the Upper Siwalik species 
of Leptobos proper in the British Museum (Natural History) in London. 
The Java “‘Leptobos’’ differs so much more from the species of Leptobos 
from the Villafranchian of Europe and India than these species differ 
from one another as to call for a generic distinction: Epileptobos (Hoo1sER, 
1956a). For one thing, the Java Hpileptobos has horns in both sexes, while 
Leptobos has hornless females. The horn cores are much larger, and shifted 
farther behind the orbits in Hpileptobos than in Leptobos. The Java form 
represents an evolutionary stage that is much more progressive than 
that of Leptobos, the only bovine in the Villafranchian of Europe. 

Leptobos has also been recorded from the Narbada beds, Middle 
Pleistocene. Leptobos frazeri Riitimeyer (1878, p. 165, pl. VII figs. 11-12) 
is based on a skull from the Narbadas in the British Museum (Natural 
History) in London (no. 39714). I have recently examined the specimen, 
and cannot but agree with Durst (1926, pp. 135-137) and with Pinar 
(1939, pp. 304, 319) that it represents a youngish female of Bos namadicus 
Falconer. 

Thus, of the three Villafranchian genera Archidiskodon, Equus, and 
Leptobos only the first is present in Java. The presence of Archidiskodon 
as an invading element in the Tjidjulang beds of Java marks these beds 
as basal Pleistocene according to the definition of the period adopted in 
this paper, in accordance with the general opinion. 

As said above, the earliest occurrence of Archidiskodon planifrons in 
the Upper Siwaliks is in the Tatrot zone, as first put on record by Lewis 
(1937, p. 198). I have described and figured Lew1s’s specimen, which is 
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a very characteristic A. planifrons (HootsERr, 1956b). “From where 
comes this specimen? From the top of the Tatrot formation? The boundaries 
between the faunas are not always clear cut. Is this single tooth within 
a fauna, which contains neither Hqwus nor Leptobos and has little relation 
to the typical Villafranchian, sufficient to place now the important border 
between Pliocene and Pleistocene below the Tatrot?” (Von KOENIGSWALD, 
1956, p. 208). The answer to the first question is that the specimen 
originates from the type locality at Tatrot village, near the base of the 
formation (Lewis, 1937, p. 198). The answer to the last question is yes. 
The Tatrot zone conglomerate marks the upper limit of the considerable 
break, faunal and physical, separating the Middle and Upper Siwaliks 
(Lewis, l.c.), an observation already made by Prnerim (1913, Da 2r5)5 
and later by De TErra and TrrtHarD DE CHARDIN (1936). The Tatrot 
zone fauna, even though CorBERT and I have been able to add fourteen 
genera to it when studying the Lewis collection in the Peabody Museum 
of Yale University (HooismR and CoLBeErt, 1951), is much less well- 
known than that of the Pinjor zone, lacking conspicuously in carnivores 
and bovids (see faunal lists in Hootsmr, 1952, p. 438). However, there are 
six newcomers in the Tatrot (Ramapithecus, Pentalophodon, Archidiskodon, 
Sivachoerus, Potamochoerus, and Hemibos c.g. Bos) all but the first of 
which continue into the Pinjor. The Archidiskodon recently described 
from the Tatrot zone is a typical example of the most primitive archi- 
diskodont stage known as A. planifrons such as we have long known 
from the Pinjor zone only. Therefore, my contention is that the Tatrot 
zone should be included in the Lower Pleistocene just as the Pinjor zone, 
and that the Plio-Pleistocene boundary should be placed at the base of 
the Tatrot zone, at the stratigraphic break separating this zone from the 
underlying Dhok Pathan. I have already pointed out above that the 
correlation of the Tatrot zone with the Tjidjulang beds of Java is generally 
adopted; it is in the Tyjidjulang beds that Archidiskodon makes its first 
appearance in Java as an invading form, which settles the age of these 
beds as basal Pleistocene. 


The next problem we have to consider is the age of the Djetis beds. 
These underlie the Trinil beds, and the faunal distinctions between the 
Djetis and the Trinil beds are dwindling the better these faunas become 
known (HooisErR, 1951, p. 278; 1952, p. 441). “This must be contra- 
dicted. The most typical genera of the Djetis as Leptobos, Nestorithervum 
and Megacyon do not continue into the Trinil, while most of the species 
are different’? (VoN KOENIGSWALD, 1956, p. 205). As shown above, the 
Java ‘“‘Leptobos’’ is a more advanced, distinct genus Hpileptobos (HooisER, 
1956a), and it is not confined to the Djetis beds but is also found in the 
Trinil beds. Since in Dusors’s time no distinction had been made yet 
between the Trinil and the Djetis beds we do not know exactly from 
which of the two levels the DuBois collection specimens have been derived, 
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with one exception, viz., the collection from Trinil proper. At Trinil, the 
type locality of the Trinil fauna, the Djetis beds, if present, are unfossilif- 
erous. One of the Dusots collection specimens of Epileptobos groeneveldtit 
(Dubois) (no. 2746) originates from Trinil; it has been found 1} m above 
the lowest level of the Solo river at that locality, and proves the occurrence 
of the species in the Trinil fauna sensu stricto. VoN KOENIGSWALD’s 
“Leptobos cosijni’’ (identical with Hpileptobos groeneveldtii (Dubois): 
Hoorer, 1956a, p. 240) is from the Djetis beds (Von KOENIGSWALD, 
1934, p. 193). Consequently, Hpileptobos is a member of both faunas. 
Nestoritherium, mentioned by Von KoENIGSWALD as being confined in 
Java to the Djetis beds, also occurs in the Middle Pleistocene of Southern 
China (CoLBERT and HoowEr, 1953, p. 81). This leaves us with J/egacyon, 
a genus that, by reason of its beimg endemic to Java, is of no value for 
purposes of correlation. Finally, with regard to VoN KOENIGSWALD’s 
remark that most of the species of the Djetis fauna are different from 
those of the Trinil fauna one could wish that he had been more specific, 
for, as judged from the faunal lists given by Von KoEentaswaxp (1940, 
pp. 55-64), in the majority of the cases there is specific identity between 
the mammals of the Djetis and the Trinil faunas. 

The appearance of new elements in a fauna constitutes a safer guide 
to its correlation than the persistence of old elements. Such new elements 
do appear in the Djetis beds, and these have been recognized by Von 
KOENIGSWALD between 1937 and 1950 as representing invading forms 
from Southern China. In his own words: “So, in the Djetis and Trinil 
periods some new faunal elements were added to the old, already existing, 
stock of “Siwalik mammals” in Java. These are orang, gibbons, tapir, 
and the Malayan bear. All of these animals exist, however, in the Pleisto- 
cene cave fauna of southern China” (Von KomniGswaLp, 1937, p. 27). 
“In der Djetis-Fauna finden wir hingegen Elemente, die den Sivaliks 
fehlen: Simia, Symphalangus, Hylobates, Tapirus, malayischer Bar u.a. 
Alle diese Gattungen, z.T. die gleichen Arten, finden wir im siidlichen 
China, in den Spaltenfiillungen Kwangsis und Yiinans” (Von Korntcs- 
WALD, 1939, p. 49). “Die Beziehungen der Djetis-Fauna zu den Spalten- 
fiillungen Stidchinas sind deutlich, aber letztere zeigen keinerlei strati- 
graphischen Zusammenhang (TEILHARD DE CHARDIN)” (Von Korntas- 
WALD, Le., p. 50). In the paper by THILHARD DE CHARDIN cited by Von 
KOENIGSWALD (l.c., p. 53) we find Djetis with Trinil in the Middle Pleisto- 
cene, correlative with the fissure deposits of China (TEILHARD DE CHARDIN, 
1937, p. 216). Again, in 1940: “Diese chinesischen Faunenelemente treten 
uns erstmalig in der Djetis-Fauna entgegen” (Von KoENIGSWALD, 1940, 
p. 72). In discussing the Djetis fauna once more: ‘The occurrence, however, 
of Tapirus, the Malayan bear, the gibbons and orang, which have never 
been found in India but being typical of the fissure deposits of Southern 
China, is now proof of Chinese influences, which add to it the elements of 
the “Sino-Malayan” fauna” (Von KOENIGSWALD, 1950, p. 92) 
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The fauna of the cave and fissure deposits of Southern China (Szechwan, 
Yunnan, Kwangsi) has been fully described by Youne and Liu (1951) 
as well as by CoLBERT and HoomeEr (1953), and there is general agreement 
that it is a post-Villafranchian, Middle Pleistocene fauna. Von Kornias- 
WALD (1952, p. 306) also agrees as to the Middle Pleistocene age of this 
fauna, which is widely known as the Stegodon-Ailuropoda faunal complex, 
or the Sino-Malayan fauna. 

From the occurrence in the Djetis beds of Java of the above mentioned 
invading elements of the Middle Pleistocene Stegodon-Ailuropoda fauna 
from Southern China it follows as a matter of course that the Djetis 
fauna cannot be Early Pleistocene, the age assigned to the Djetis by 
Von KorniGswaLp. The age of the Djetis beds is at most Middle Pleisto- 
cene, and the Djetis fauna should be linked up with the post-Villafranchian 
stage, the Middle Pleistocene Trinil fauna, as it definitely belongs to the 
Stegodon-Atluropoda block. 

This argument, first put forward by me in 1952 (HooweEr, 1952, p. 439) 
in support of the shifting upward of the Djetis beds into the Middle 
Pleistocene, with the Trinil fauna, has never been taken into consideration, 
or even referred to by Von KoEnicswa tp since 1952. Again, in his latest 
paper on the subject, Von KoxENIGSwaLp ignores the argument, and 
states that the Djetis fauna is equivalent to the Pinjor, representing the 
Villafranchian (VoN KoxENIGSWALD, 1956, p. 209). In support of this 
view it is stated: “I have been led by a comparison, which is tabulated 
here” (l.c., p. 206), from which it follows that the Djetis and the Pinjor 
have in common: Leptobos, Nestoritherium, Hexawprotodon, and Elephas. 
This comparison is entirely misleading as such. ‘‘Leptobos’’ of the Djetis 
fauna is not the Villafranchian Leptobos but a more advanced form, 
Eypileptobos, that continues into the Trinil beds. Nestoritheriwm occurs in 
the Middle Pleistocene of China. Hexaprotodon is found in each Pleistocene 
fauna of Java, from the Tjidjulang up into the Ngandong beds, while in 
the Siwaliks we find it from the Dhok Pathan up into the Boulder Conglo- 
merate (HoorER, 1950). Hence, it could serve to stress the resemblance 
between any two of these faunas. Hlephas from the Pinjor includes 
E. hysudricus Falconer et Cautley, and L. platycephalus Osborn. “Elephas 
sp.” from the Djetis beds figured by Von KoENIGSwaALD (1934, p. 192, 
pl. IV figs. 8-9), afterwards cited as Hlephas cf. hysudricus (VON KOENIGS- 
WALD, 1940, p. 67), is Stegodon hypsilophus Hooyer (1954), a high-crowned 
pygmy stegodont; further Hlephas remains have not been recorded from 
the Djetis beds as yet (Hoo1sEeR, 1955, pp. 7 and 87). 

It will be evident that the comparison given by Von KoENIGSWALD 
does not afford proof of the Villafranchian character of the Djetis fauna. 
Because of its general resemblance to the Trinil fauna, and more specif- 
ically because of its containing the invading elements of the Stegodon- 
Ailuropoda block so aptly observed by Von Kornicswacp, the Djetis 
fauna is post-Villafranchian, Middle Pleistocene. 
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Von KoEniGswaLp (1956, pp. 207-209) devotes much attention to the 
percentages of extinct species in certain molluscan faunas from marine 
layers intercalated in the bone-bearing beds of Java, which would prove 
the Pliocene age of the mammalian faunas below the Djetis, even though 
these contain Archidiskodon. “For Java—and in my opinion also for the 
Tatrot of India—a shifting of the Plio-Pleistocene boundary to a lower 
level entirely depends upon the age determination of the ‘‘Cheribonian” ” 
(Von KoxrnicswaLp, 1956, p. 209). Already in 1951 I have consulted 
Dr. Horacr Ricuarps of Philadelphia with regard to the age of the 
Cheribonian molluscan fauna of OostineH (which is associated with the 
Tjidjulang fauna); Dr. RicHarps has kindly allowed me to quote as his 
opinion that the Cheribonian fauna may be Quaternary in age as well, 
and is by no means necessarily Pliocene (Hoover, 1951, p. 273). More 
recently, I have sought advice of another mollusk specialist, Dr. C. O. 
VAN REGTEREN ALTENA of Leiden, who again most kindly authorized 
me to give the following statement: 

“As to fossil molluscan faunas in the East Indian Archipelago the 
terms Pliocene and Pleistocene have been applied in a rather provisional 
way, and I doubt whether one will ever be able to correctly apply these 
terms to Java molluscan faunas. 

“The age determinations of molluscan faunas of Java established by 
MaRTIN, OostrneH, and others, are based on percentages of extinct forms, 
a method that presents theoretical difficulties. Although Marrry’s dating 
of Miocene beds has been confirmed by later research along other lines, 
such confirmation is still lacking for the Pliocene and the Pleistocene. 

“The percentage method does not allow of an exact correlation of 
Javan with, e.g., European molluscan faunas. 

“Therefore, I consider it premature to determine the position of the 
Plio-Pleistocene boundary in Java on the base of fossil mollusks’’. 

The above statement by Dr. C. O. VAN REGTEREN ALTENA is in harmony 
with the views recently expressed by UmBarove (1954) as well as by 
VAN DER VLERK (1955). “Martrn showed that an open-sea connection 
cannot possibly have existed between Europe and the Far East, at least 
not since the Upper Eocene. Apparently marine faunas of both areas 
developed independently as autochthonous associations. Under such 
circumstances the use of European stratigraphic names for East Indian 
strata had no significance” (UmMBGROvRE, 1954, p. 503). As pointed out by 
VAN DER VLERK (1955, p. 129) Marrin’s percentage method does not 
provide a base for exact correlation between Javan and Kuropean Tertiary 
deposits. Correlation of the Far Kast and Europe is now possible by means 
of associations of foraminifera for Tertiary strata up to the Oligocene, but 
later Tertiary correlations of both areas are not at present feasible (Van 
DER VLERK, l.c., p. 132). 

In conclusion, there appears to be no reason to attach greater impor- 
tance to marine mollusks than to certain mammalian genera of long 
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standing in establishing Pleistocene faunal correlations. The presence of 
Archidiskodon as an invading element in the Tjidjulang and the Kali 
Glagah beds of Java settles these beds as Early Pleistocene (Villa- 
franchian). The presence in the Djetis beds of invading elements of the 
Stegodon-Ailuropoda block leaves no doubt that these beds belong to the 
post-Villafranchian, Middle Pleistocene stage of the Trinil beds. 
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BIOCHEMISTRY 


THE TITRATION CURVE AS A CRITERION FOR THE PURITY 
OF MUCOPOLYSACCHARIDE PREPARATIONS. I 


BY 


W. A. LOEVEN 


(Communicated by Prof. H. G. BUNGENBERG DE JONG at the meeting of Sept. 29, 1956) 


a. Discussion of the chemical criteria normally used 
b. The determination of the amounts of uronic acid groups 
ce. The identification of free NH,-groups 


§ 1. INTRODUCTION 


Although chondroitin sulphate is—together with hyaluronic acid and 
heparine —the most investigated mucopolysaccharide 4), the chemical and 
structural data obtained by different authors rather vary. Its compo- 
sition of N-acetyl-d-chondrosamine (= galactosamine), d-glucuronic acid 
and sulphuric acid is accepted by all investigators. However, room for 
discussion is still present about the questions: a) between which C-atoms 
of the glucuronic acid and the chondrosamine the O-bridges are present 
in the linear chain of the mucopolysaccharide and b) to which C-atom of 
the chondrosamine the sulphuric acid is attached. 

In figure 1 the structure of chondroitin sulphate given by MryEr and 
BaLpDIN (1953) is reproduced (the SO,H-group is situated at C, or C, of 
the chondrosamine). 

Very important are the investigations of Myer c.s. (MEYER and 
Rapport, 1951; 1952), who isolated three different kinds of chondroitin 
sulphate, which differ for instance in optical rotation, in the resistance 
against testicular hyaluronidase and in the precipitation effect of ethanol 
(see table I). 

According to Mpynr and Rapport (1951) cartilage contains chondroitin 
sulphate A and perhaps C, while Orr (1954) concluded from infrared 
spectra that chondroitin sulphate A and B are present. The structural 
difference between chondroitin sulphate A and B is that the sulphate 
group is in equatorial and polar position respectively with regard to the 
hexosamine ring (ORR, 1954). The methods used for the extraction and 
purification of chondroitin sulphate from connective tissue will be dis- 
cussed in section 2, in which séction data about the yield of chondroitin 


1) We use the classification given by Stacny (1946). This means that hyaluronic 
acid, heparine and chondroitin sulphuric acid belong to the group of the mucopoly- 


saccharides. 
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sulphate preparations are also recorded. The criteria for the degree of 
purity (comparison of the experimentally determined composition of the 
preparation with the calculated data) and the cause of the too low values 
which are mostly found (about 10-20 °% lower than the calculated values), 
will be discussed in section 3. Small varieties in the chemical method 
for the determination of hexosamine have been introduced. 


Fig. 1. The structure of Chondroitin sulphuric acid given by Meyer and BALDIN 
(1953). 


TABLE I 


Criteria for the presence of chondroitin sulphate A, B and C 


Kind of Effect of | Precipitation | Ratio 
chondroitin testicular Optical with Hexuronie acid 
sulphate | hyaluronidase parte | ethanol of hexosamine 
A +- («)p = —30° | 60 % 1/1 
B - | (a)p=—50°| 20% 3/4 

} ++ (x)p = —20° | 50 % 
MryYER and Rapport (1951, 1952) Orr (1954) 


In earlier investigations (not published) an attempt was made to 
investigate the purity of chondroitin sulphate preparations by means of a 
titration curve. We found, however, that not only acid was bound as 
studied by Marumws (1953), but alkali as well, in other words besides the 
acid groups in the mucopolysaccharide (glucuronic acid and sulphuric 
acid) a basic group was present. This phenomenon will be investigated 
in section 5 and the suitability of the method of the titration curve as a 
criterion for the purity of mucopolysaccharide preparations will be 
discussed in section 4 and 6. 


§ 2. EXTRACTION, PURIFICATION AND YIELD OF CHONDROITIN SULPHATE 
PREPARATIONS 


A. Extraction methods 


As from all kinds of connective tissue. septal and tracheal cartilage 
contain the highest amounts of chondroitin sulphate (determined as 
20.5 % by the author; the data in literature varying between 12 and 
40 %; for discussion see LOEVEN, 1955), these two tissues are constantly 
used for the isolation of this mucopolysaccharide. 
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As sulphur—containing mucopolysaccharides form complexes with 
protein which are poorly soluble in water, alkali or high concentrations 
of salts are required for the extraction of the mucopolysaccharide. The 
older investigators mostly used alkaline solutions (for instance 2 °% NaOH 
or KOH: Morner, 1893; Levenr and La Foren, 1914; Mryrr and 
CHAFFEE, 1941: MatHrws and DorFMAN, 1953; while BUNGENBERG DE 
JONG and TEUNISSEN, 1937, even extracted nasal cartilage with 10 % 
KOH). 

That an alkaline solution used as an extraction method disintegrates 
the mucopolysaccharide itself, has been shown by Burx and SNELLMAN 
(1945). A solution of 0.01 N NaOH already gives a strong depolymerisation 
of chondroitin sulphate at room temperature. From measurements of the 
viscosity of solutions of alkali treated chondroitin sulphate it appears that 
the molecular weight was decreased to about 50,000 (at lineair chain), 
while it was valued at 260,000 for native chondroitin sulphate (the size 
of the particles + 1300 A and + 4700A respectively) 2). 

Together with this degradation of the mucopolysaccharide a breakdown 
of the collagen occurs. As a result of this it is very difficult to free a 
preparation of chondroitin sulphate from protein. Pearce and Watson 
(1949) obtained a preparation with a degree of purity of 60 +13 % 
using the extraction method of Mryrmr and CHarrer (1941): one day 
extraction with 1 N alkali at 37°C. 

The extraction with 10 % CaCl, (MmyrER and Smyru, 1937; Burx and 
SNELLMAN, 1945; MarHews and DorrMan, 1953) prevents, on one side, 
the alkaline degradation of the mucopolysaccharide, but on the other side 
one does get round the problem of the proteins going into solution and 
the difficulty of removing these proteins. 

The method used by Prete (1947) who extracted corneal tissue with 
10 % NaCl, appeared to us of no value for the extraction of chondroitin 
sulphate from cartilage (STRANDBERG (1950) still used this method for 
cartilage, but it was almost impossible to remove all the protein). 

The best results were obtained with the extraction method described 
by ErNBInDER and ScHuBERT (1950). These investigators used a solution 
of 30 % KCl, with or without the addition of 1 %% K,CO,, for the extraction 
of aceton-dried, fresh or stored-wet cartilage. With this method one also 
has, but in a much lesser degree, the disadvantage of the extraction 
of protein. 

The best method appeared to us to be: extraction of fresh tracheal 
cartilage (purified from non-cartilaginous tissues) with 30% KCl + 
+ 1% K,CO,, at 0° C for three days (thymol was added as a disinfectant). 


2) Marurws and DorFMaAN (1953) also calculated the molecular weight of their 
preparations from measurements of viscosity, but they found much lower values. 
For with alkali and CaCl, extracted chondroitin sulphate a molecular weight of 
about 15,000 and about 43,300 respectively was calculated, while the molecular 
weights of preparations extracted with KCl lie between these two limits. 
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The extraction was repeated 3-4 times. The extraction solutions were also 
stored at 0° C and dialysed against running tap-water for 2 days. As this 
quantity of liquid was too large to work up, the solution was poured into 
a large photographic dish and reduced by evaporation (the hot airstream 
of an electrical hair dryer was used; the temperature rose to about 30° C). 
In this way we obtained about 200 ml of the chondroitin sulphate extract, 
to which was added 10 ml glacial acetic acid and 10 gr potassium acetate 
(the addition of potassium acetate was used to obtain a neutral potassium 
chondroitin sulphate and not an acid or mixed salt). 

The solution was poured out into 2 | ethanol 96 %. The white flocky 
precipitate was allowed to settle for one night at 0° C, after which time the 
solution was centrifugated, the precipitate washed three times with ethanol 
absolute, and three times with ether and dried in vacuo over paraffin. 


B. Purification methods 


The purification of a chondroitin sulphate preparation is necessary to 
remove in any case: 

a) anorganic salts, b) glycogen and c) protein. 

To remove anorganic salts the preparation can be dissolved in bi- 
distilled water and dialysed against large quantities of bidistilled water 
which must be renewed many times. 

The presence of glycogen (positive iodine test) necessitates a treatment 
with an amylase or diastase preparation until the iodine test becomes 
negative °). 

The greatest difficulty, however, is the removal of the protein always 
present in the crude mucopolysaccharide preparations. Many methods 
have been tried, including both protein precipitation and protein adsorp- 
tion. Meyer and SmyvH (1937) used mixtures of chloroform and amyl- 
alcohol until no precipitation of protein appeared in the intermediate 
layer (the so-called SevaG method, 1934); combined with Lloyd’s reagent. 
Burx and SNELLMAN (1945) also used the Sevag method combined with 
Fuller’s earth. Maramws and DorrMan (1953) removed the proteins with 
luteo-cobaltic-chloride and the cation-exchanger resine. STRANDBERG 
(1950) and Eryprnper and ScuuBert (1950, 1951) used kaoline for the 
elimination of the protein, but SrranpBERG remarked that large quantities 
of kaoline are necessary for the removal of all protein, which gives, how- 
ever, a great loss of the preparation. Furthermore he noted that the ratio 
nitrogen/sulfur (in equivalents), which must be 1 /1 in a very pure pre- 
paration of chondroitin sulphate, almost remains 1.70-1.80. This ratio 
N/S approached its theoretical value of 1/1 if the proteins were first 
denaturated with glacial acetic acid and centrifugated off, while after 
this kaoline was used (N/S was about 1.06 in his experiments). We used 


*) A too low content of sulphur in mucopolysaccharide preparations is mostly 
due to the presence of glycogen (see section 3). 
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the method of SrRanDBERG, but the results obtained were not satisfactory. 

Combining the Sevag method with a kaoline treatment we obtained 
very pure chondroitin sulphate preparations (see section 3). 

The chondroitin sulphate preparation was dissolved in bidistilled water 
(about 5 gr/100 ml). A same value of a 3 to 1 mixture of chloroform and 
amylalcohol was added. The flask with the solution was placed in an 
electric shaking-machine for one day. After centrifugation the precipitate 
of denaturated protein between the two liquid layers was removed and 
the treatment was repeated until only a slightly visible precipitate remains. 
The chloroform-amylalcohol layer was then completely removed and 
the water layer containing the chondroitin sulphate was now treated 
with kaoline. 5 ml glacial acetic acid and 5 gr kaoline/100 ml solution were 
added and the mixture stirred for an hour. The kaoline was then centri- 
fugated off and a new sample of kaoline was added. This treatment was 
repeated 5—6 times. To the last clear solution potassium acetate was added 
and the chondroitin sulphate was precipitated by pouring out this mixture 
in a five fold volume of ethanol 96 %. After centrifugation the precipitate 
was washed with ethanol and ether and dried in vacuo. 


The criteria for a good purified preparation can be summarised as 
follows: 


a) The protein test must be negative with any protein precipitant 
or with the biurete reaction; 

6) The glycogen test with iodine must be negative; 

c) A solution of chondroitin sulphate in water shaken with a mixture 
of chloroform and amylalcohol for an hour must not give any trace of 
an emulsion; 

d) The U.V. absorption spectrum of chondroitin sulphate above 
260 mu must be very low. 


C. The yield of chondroitin sulphate 


A better usable method than that of EinBrInDER and ScHUBERT (1950) 
was not found in literature. The authors mostly say nothing about the 
quantity of protein still present. Some investigators did not give percen- 
tages of the yield of the preparation, while others, who give these data, 
never note a yield above 35 % of the amount present in native cartilage 
(for instance STRANDBERG (1950): about 17 %; an exception to this are 
the results of Mnyer and SmytH (1937): the yield of an acid calcium- 
chondroitin sulphate preparation was 60.5 %). 

EINBINDER and SCHUBERT (1950) very exactly give the yield and the 
degree of purity of their preparations, calculated from the hexosamine 
content. For the determination of the hexosamine content they hydrolysed 
the chondroitin sulphate for 8 hours, a time which is too low (see section 3: 
in any case the time of hydrolysis must be 20 hours); so their values 


16 


obtained in this way are very doubtful. This appears already from the 
fact, that their data of the content of hexosamine in native cartilage are 
about 50-60 °% of those given by other authors (LOEVEN 1955). 

That is the reason why they obtained a yield of about 75 % (for fresh 
cartilage extracted with KCl and K,CO,;: 73 %; for the extraction with 
2% KOH of the “residual cartilage”: 78.5%). The yield of the five 
preparations, which we obtained from different lots of cartilage and 
extracted by different methods (see table III), always lies between 45 
and 55 °% of the total amount of chondroitin sulphate present in cartilage. 

It is possible to reach a higher yield by a) an extraction for a prolonged 
time with a frequent renewing of the extraction liquid and 6) a working 
up of the residual cartilage with other extraction methods. 

An objection to point a) is that with a prolonged time the chance of 
an enzymatic degradation increases. 

For the extraction methods mentioned sub a) alkali appears to be 
inevitable (BLIx and SNELLMAN, 1945; EINBINDER and SCHUBERT, 1950), 
but this also gives a degradation of the mucopolysaccharide (see page 13). 


§ 3. CHEMICAL CRITERIA FOR THE PURITY OF CHONDROITIN SULPHATE 
PREPARATIONS 


Besides the tests on protein and glycogen one can determine the purity 
of chondroitin sulphate preparations by means of chemical methods on 
each of the compounds composing this mucopolysaccharide, namely 
quantitative methods on hexosamine, uronic acid, sulphur, nitrogen, 
acetic acid and water. 

In Table II we have recorded data on the composition of different salts 
of chondroitin sulphuric acid (in percentages) as mentioned in literature. 
At the same time the theoretical percentages for each of these salts 
(column 1) is calculated on a composition of the mucopolysaccharide as 
printed in italics. In column 2 the extraction method used by the authors 
(column 9) is mentioned. 

It appears that the values of nearly all compounds experimentally 
determined, mostly lie 10-20 % lower than the calculated values. This 
is even the case with the crystalline calcium chondroitin sulphate prepa- 
rations of E1INBINDER and ScHuBERT (1951). Some authors discuss these 
too low values. In section 2B we have already mentioned that a too low 
content of sulphur is caused by the presence of glycogen and a too high 
content of nitrogen by the fact that protein is still present. A too high 
content of water can be corrected by a second drying process. 

Burx and SNELLMAN (1945) did not exclude the possibility of the presence 
of an acid yet unknown compound. Through the exchange of acetyl-hexos- 
amine against acetyl-hexosaminic acid for instance, the elementary compo- 
sition did not change, but the content of hexosamine decreases. EINBINDER 
and SCHUBERT (1951) also consider it possible, that in chondroitin sulphate a 
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compound not yet identified is present, which constitutes about 15 % of the 
total weight (or that an impurity is present which is not glycogen and protein 
as in their preparations the tests on these compounds were always negative). 
They argued further that a content of hexosamine and hexuronic acid 
may be found too low with the use of empirically colorimetric methods. 
We must, however, also consider the experimental errors of the chemical 
methods used for the determinations of the different compounds. 


Nitrogen 

The determination of nitrogen by means of the micro Kjeldahl] method 
can be regarded as a method which is fully worked out and gives no 
practical difficulties, while the experimental error is very low. 


Sulphur 


The same thing may be said for the determination of the sulphur 
content by means of the method of ALicrno (1948), modified by MEYER c.s. 
(1948) for the determination of sulphur in mucopolysaccharides if one 
hydrolyses the material for the time required and takes into account the 
possible presence of free sulphuric acid. 


Acetic acid 

The determination of the content of acetic acid may be a point of 
discussion. The authors who carry out this determination use methods 
comparable to that of Boas (1949). With this method the mucopoly- 
saccharide is hydrolysed with 2} N H,SO, at 100°C under reflux for 
13 hours and after that steam-distilled in a MARKHAM apparatus. The 
acetic acid is then titrated against 0.01 N NaOH. Here we must take 
care a) of a sufficiently long hydrolysis time and b) of a steam-distillation 
carried out under standard conditions to prevent a loss of acetic acid 
by volatilization. In spite of these precautions, the triplicate values 
obtained by us with one and the same chondroitin sulphate preparation 
still differ 4-6 %. 


Uronic acid 


The determination of uronic acid by means of the naphtho-resorcinol 
reaction is not in the first place specific for uronic acids (it is a group 
reaction on hydroxyl-carbonie acids; vitamin C reacts in the same way, 
but the reaction is negative with heparin). In the second place the reaction 
is very dependent on the degree of hydrolysis and destruction of conjugated 
uronic acids, so that it may be used, but under very defined conditions. 
The colorimetric reaction with concentrated sulphuric acid and carbazole 
reagent introduced by DiscuE (1947) is very specific for the uronic acids 
under certain conditions. Here too, however, the experimental error is 
rather large. DiscHE determined, for instance the colour intensity of 


19 


equivalent amounts of glucuronic acid as free acid and bound in chon- 
droitin sulphate, and found that from the mucopolysaccharide only 92 % 
has been found again (thus a deviation from the theoretical value of 8 °%). 


Hexosamine 


Very important is the determination of the content of hexosamine in 
mucopolysaccharide preparations using the colorimetric method of ELson 
and Morean (1933) modified by several authors for the determination 
of bound hexosamine. We used the method of Bux (1948) in which method 
Smits of the Histological Laboratory of Amsterdam had introduced some 
modifications rendering it more suitable for routine use (for instance, 
neutralization with solid CaCO, instead of NaOH and precipitation of 
the Ca-ions with potassium oxalate; Lonven, 1953, 1954). There are, 
however, two sources of error with this method, which may account for 
the too low values mostly obtained in literature. The first one is that the 
time of hydrolysis of the mucopolysaccharide with HCl at 100° C is too 
short to set free all the hexosamine present. In literature very divergent 
values are given. Parmer, SmytH and Meyer (1937) originally used a 
hydrolysis time of 8 hours, but in another article of the same year MEYER 
and SMyTH noted that 12 hours give better results. Burx hydrolysed for 
not more than 14 hours, while EINBINDER and SCHUBERT (1950) considered 
a time of 8 hours sufficient (see remark on page 15). The times given 
above are all for a hydrolysis of cartilage with 2 N HCl. Woop1n ( 1952) 
hydrolysed 6 hours with 5.8 N HCl or 10 hours with 3.5 N HCl. Plotting 
in a graph the time of hydrolysis on the abscissa and the content of 
hexosamine set free as found with the colorimetric method on the ordinate, 
the last-mentioned two times are situated on the horizontal part of the curve. 


%& Chondrosamine 
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Fig. 2. Influence of time on the hydrolysis of K-chondroitinsulphate with 2 N HCl. 
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This is also the case in our experiments (see figure 2). 

When hydrolysing a K-chondroitin sulphate preparation with 2N HCl 
at 100° C, further increase of the hydrolysis time over + 20 hours does not 
alter the amount of hexosamine set free. That means that the times given 
in literature when hydrolysing with 2 N HCl are all too low (calculated 
from figure 2 the amount of hexosamine set free in for instance 12 hours 
is about 85 % of the total amount present). 

The second source of error is the breakdown of the hexosamine in an 
acid environment as mentioned by Wooprn (1952) and OcsTon and 
STANIER (1950, 1951). They found that by heating glucosamine in a 
hydrochloric acid solution for a long time only 85 % of the amount 
taken for the experiment was found again. This result is very important 
as the amount of hexosamine present in mucopolysaccharide is mostly 
determined by calculating the observed extinction of the colour produced 
by the Erson and Moraan reaction (in an electric colorimeter at 530 my) 
with the aid of a calibration curve in which the relationship between the 
amounts of glucosamine-HCl and the extinction of the coloured product is 
plotted (by a straight line below about 100 wg glucosamine-HCl). As for 
the tracing of this calibration curve, hydrolysis of the substrate is not 
necessary, the extinction of a given concentration of free hexosamine 
might be higher than that of a same concentration present in the amount 
of mucopolysaccharide to be investigated. Therefore OGsToN and STANTER 
(1951, 1952) also put in a standard solution of glucosamine of known 
concentration (which solution was given the same hydrolysis time as the 
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Fig. 3. Calibration curve of glucosamine-HCl (determined with the method of 
Exson and More@an). Influence of heating during 1 day at 100°C in 2 N HCl. 
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real determination) and could correct the amount of hexosamine found in 
the mucopolysaccharide for the too low value found in the standard. 

For this reason we have made the calibration curve with and without 
heating the glucosamine-HCl solutions for 24 hours at 100°C. From 
figure 3 we see, that at a given concentration of glucosamine the extinction 
decreases with a mean percentage of 10 % if the glucosamine solution is 
heated, in other words about 10 % of the glucosamine is distorted by 
this procedure. 

Therefore, for our calculations we used the calibration curve obtained 
after heating the standard glucosamine solutions. 


In Table III we have recorded the chemical data of five K-chondroitin 
sulphate preparations obtained from different lots of tracheal cartilage 
and extracted with 10 % CaCl, (Prep. 1), with 30 % KCl + 1% K,CO, 
(Prep. 4 and 5) and with 2 % KOH (Prep. 2 and 3). Between brackets 
(in italics) the degree of purity of the preparation is given in percentages 
with regard to the calculated yields of the compounds based on a compo- 
sition of (C,,H,,NSO,,K,.4H,O),, with a period weight of 607.7. 


TABLE Iil 
Composition of K-chondroitin sulphate preparations 
2 ; Chondro- | Glucuronic ce ae Acetic | Wat 
Preparation | =o samine acid ; acid oe 
eer % % he CRs: 
a 
theoretical 
values 29.5 S39) 5.27 2.31 9.87 11.9 
1 10 % CaCl, 27.4 28.1 5.19 2.19 9.43 12.6 
(93) (88) (98) (95) | (95.5) | (105.5) 
2 eH NEON 27.1 74 Teh 5.03 2.18 7.57 12.5 
(91.5) (387) (97) (94) (77) | (105) 
3 Do KOE 27.8 28.7 5.16 2.53 7.04 12.1 
(94) (90) (98) |(109.5)| (71) | (101.5) 
~ BOG el 28.8 29.1 5.18 2.36 9.47 12.2 
(97.5) (91) (98) | (102) | (96) | (102) 
5 BOG 1G 28.1 28.6 5.38 2.38 9.37 Ie 
(95) (90) (102) | (103) | (95) | (98.5) 


From this table we see: 

a) the amounts of chondrosamine and acetic acid lie maximally 8 % 
lower than the calculated values, except the contents of acetic acid in 
the preparations 2 and 3 (23 and 29 % too low respectively; this will be 
discussed in section 6); 

b) The amounts of sulphur, nitrogen and water are a few percents 
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lower or higher than the calculated values (only in preparations 3 the 
nitrogen content is 9.5 % too high); 

c) The amounts of glucuronic acid are, however, very low: 9-13 % 
below the calculated values. 

Summerizing we may say that by using the chemical methods for 
sulphur, nitrogen, water, acetic acid very carefully the theoretical percen- 
tages of these compounds present in very purified chondroitin sulphate 
preparations can be estimated to within a few percents. This is also the 
case, but in a lesser degree, with the modified ELson and MorGan 
reaction on hexosamine. The chemical method for the determination of 
the content of glucuronic acid gives larger deviations from the calculated 
values as already mentioned by DiscHE (see page 18). 


(To be continued ) 


BIOCHEMISTRY 


THE TITRATION CURVE AS A CRITERION FOR THE PURITY 
OF MUCOPOLYSACCHARIDE PREPARATIONS. II 


BY 


W. A. LOEVEN 


(Communicated by Prof. H. G. BuNGENBERG DE JONG at the meeting of Sept. 29, 1956) 


§ 4, THE DETERMINATION OF THE CONTENT OF GLUCURONIC ACID IN 
MUCOPOLYSACCHARIDES BY MEANS OF A TITRATION CURVE 


From experiments carried out by MarHEws (1953) it appears that in a 
titration curve of chondroitin sulphate the carboxylic groups only bind 
protons to an appreciable extent over pH 2.0. Plotting in a graph the 
amount of HCl bound to the mucopolysaccharide over pH 2.0 on the 
abscissa and the fraction of the total amount of available acid groups 
(ester sulphate + carboxylic groups) on the ordinate, the curves are 
asymptotic to a value of 50 °%. For this reason it must be possible to 
calculate the amount of glucuronic acid present from such a titration 
curve, which method probably gives better results than the colorimetric 
method of Discus (described in the previous section, page 18). We used 
the method described by KencHiINGTON and Warp (1954) for the deter- 
mination of the titration curve of gelatin. In a blank titration 25 ml of 
a solution of 0.01 M NaCl were added to each titration vessel and con- 
stantly stirred with a magnetic stirrer. A stream of N, removed dissolved 
CO,. Amounts of HCl or of NaOH (up to 25 ml) were added and after 
each addition the pH was measured with an Electrofact pH-meter. The 
titration with chondroitin sulphate was then performed using 25 ml of a 
solution of 500 mg chondroitin sulphate in 0.01 M NaCl. 

The limits of the titration were set at pH 1.8 and 12, since beyond 
these points the differences in pH between the solution with and without 
chondroitin sulphate were so small that the errors in the measurements 
of pH rendered the results inaccurate. The difference between the amount 
of mmol HCl added in the blank titration curve and the amount of 
mmol HCl added to the solution with chondroitin sulphate to obtain the 
same pH value, gives the amount of H+ bound to the chondroitin sulphate. 
The combined hydrogen (and hydroxyl) ions (in mmol/500 mg chondroitin 
sulphate) are then plotted as positive and negative ordinates respectively, 
using pH values as abscissae. 

In the figures 4 and 5 the titration curves of six K-chondroitin sulphate 
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preparations are drawn‘). In these figures we see a very remarkable 
phenomenon. Using K-chondroitin sulphate preparations extracted from 
cartilage with 30 % KCl + 1 % K,CO, (prep. 4 and 5) only hydrogen ions 


mmol HClor NoOH 
cael gr mucop 


BER 


8 \ 


0.2 \ 
e . 
\y 
Noe aed 
iain emai 
prep. 
prep.2 LY 
0.2 JS 
pH sre 
2 4 6 8 10 12 


Fig. 4. ‘Titration curves of K-chondroitin sulphate preparations 
(o—o—o—o: prep. 1; X—x—x—-xX: prep. 2; .—.—.—.: prep. 2a). 
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bound/, 59r mucop 


Fig. 5. Titration curves of K-chondroitin sulphate preparations (x — x — x — x: 
prep. 3; .—.—.—.: prep. 3 treated with formaldehyde; + — + —+ — +: prep. 4; 
O—O—O—0: prep. 5). 


*) These K-chondroitin sulphate preparations are the same ones as mentioned 
in the previous section. The chemical data of five preparations were given in Table IIT. 
The sixth preparation (prep. 2a, extracted with 10 % CaCl.) was used for the iso- 
lation of chondrosamine as described in section 5, so that no material was left 
for chemical analysis. 
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were bound, while in the case of the preparations 2 and 3 (extracted with 
2% KOH) large amounts of hydroxyl ions were also bound. Using the 
extraction method with 10 % CaCl, the K-chondroitin sulphate prepa- 
rations obtained in this way (prep. 1 and 2a‘) ) show this phenomenon 
in a lesser degree. We will discuss this phenomenon in the next section. 

From the acid branch of the titration curves we can calculate the 
amount of carboxylic groups present in each preparation and the pK 
value of this group (see Table IV). 


TABLE IV 
The estimation of the amount of glucuronic acid present in K-chondroitin sulphate 
preparations (in mequiv./500 mgr = 0.825 mequiv. chondroitin sulphate) by means 


of a titration curve. 


Glucuronic acid 


Preparation °% with regard 

in meq. | to theor. value pK, value 
1 0.78 94.5 3.25 
2 0.81 98.0 3.40 | & 
2a 0.84 102.0 ERA as 
3 0.86 104.0 3.42 ( § 
4 0.82 99.5 3.41 4 
5 0.87 105.5 3.43 


In the region of low salt concentrations, where the theory of KALCHALSKY 
and GILLIs (1949) is apparently still applicable, the values of pK, found 
(column 4) differ very slightly. The mean pK, value is, as was expected, 
close to the pK, of glucuronic acid reported in literature (MATHEWS 
(1953): 3.4-3.5; Pauti, Korpn and LrysHer (1937): 3.33) °). In figure 6 
the titration curve of glucuronic acid prepared from glucuronolactone 
(preparation of Light & Co. Ltd.) is drawn. Here too, a pK, value of 
3.42 was calculated. 


As titration data of polymeric acids do not fit the equation of HENDERSON— 
Hassersatcn for monomeric acids, KatcHatsky and Griuis (1949) derived two 
equations considering the effect of ionization upon the shape of the molecules. 
Potentiometric equations suitable for proteins are based upon spherical model and 
the Depise—Hucxet theory and cannot be expected to apply to the randomly 
linked polymeric chain with equally divided negative charges. 

The two equations are: 


(1) pH = pK’—n log (—*); 


(62 


pK’—PKy __ gg, 
n—l 


in which equations: 


5) Karrer and SCHWARZENBACH (1934) calculated for x-d-galacturonic acid 
a pK value of 3.491 (at 23.6° C) or 3.488 (at 19°C). This pK value of about 3.5 
was used by Ocston and Sranter (1952) as the pK value of glucuronic acid too. 
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a = association degree of Ht; 
pK’ = apparant dissociation contant; 
pK, = dissociation constante of a single acid group; 
n = experimental constante (lying for linear polymeric carboxylic acids and for 
amphoteric linear polymers between 1.5 and 2.0). 


Using the calculated degree of association of H+ to the carboxylgroup (a) at 
different pH values, the values for pK’ and n were estimated graphically and pKy 
was calculated from the equations (1) and (2). 


The purity of the K-chondroitin sulphate preparations was calculated 
from the amount of mequiv. glucuronic acid found from the titration 
curve and is given in column 3 of Table IV (in percentages of the theoretical 
value: 500 mgr K-chondroitin sulphate contains maximally 0.825 mequiv. 
glucuronic acid). From these data we may conclude that the determination 
of the amount of glucuronic acid by means of the titration curve gives 
better results than by means of the colorimetric method of Discus. 
The percentages now have a maximal deviation of + 6% from the 
theoretical value, while with the carbazole reaction all the values obtained 
lay at least 10 % too low. 


§5. THE ESTIMATION OF THE ALKALINE BRANCH OF THE TITRATION 
CURVE OF CHONDROITIN SULPHATE PREPARATIONS 


In the previous section (figures 4 and 5) we saw that sometimes 
chondroitin sulphate preparations also bind hydroxyl ions. It appears 
that this is due to the extraction method used, because it is present 
after the extraction with alkali (and in a far lesser degree with CaCl,) 
and absent after the extraction with KCl+K,CO,. That a basic substance 
is present in the chondroitin sulphate preparation as an impurity after 
the extraction with alkali (and CaCl,), may be neglected, as can be seen 
from the chemical data of Table III and the large amount of this sub- 
stance in the preparations 2 and 3 (0.23 and 0.22 mequiv. respectively). 
It is, however, more attractive to postulate the hypothesis that the basic 
substance is the chondrosamine from which the acetyl group is split 
off during the extraction to a more or lesser degree (this in spite of the 
remark of Sracry (1944), that the N -acetyl group of chondrosamine is 
stable in the presence of alkali). 

That the basic substance contains a free NH,-group can be concluded 
from the fact that using the formol titration, the alkaline part of the 
titration curve shifts to lower pH values. This is shown in fig. 5, where 
besides the normal titration curve the “formol titration curve” of prepa- 
ration 3 is drawn (titrating 500 mg chondroitin sulphate in 25 ml 0.01 M 
NaCl in the presence of 24 ml formaldehyde 40 %). The acid part of the 
curve remains unchanged but the alkaline part shifts about 0.5 pH units 
to the left while the total amounts of basic groups decreases from 0,22 
to 0.12 mequiv. 
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For this reason it was very interesting to make a titration curve of 
pure chondrosamine. This hexosamine can be isolated from chondroitin 
sulphate preparations using the methods of Sracry (1944), GaRDELL 
(1951) or Davipson and Meyer (1954). 
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Fig. 6. Titration curves of glucuronic acid and chondrosamine (untreated and 
treated with formaldehyde). 


A weighed amount of chondroitin sulphate is boiled with constant boiling HCl 
(20.24 9%) ®) for 4 hours at 100° C under reflux, after the addition of SnCl,. After 
this, norit is added for decolouring of the solution (boiling for another hour) and 
the solution is filtered off while warm. The tin is removed with H,S and the 
solution is concentrated in vacuo until about dry. The hexosamine is crystallized 
from a mixture of methylalcohol-aceton. The analytical data of our crystallized 
chondrosamine-HCl preparation (we used our K-chondroitin sulphate preparation 
2a) are: 

()20 = 94° (after 1 day in water as 1 % solution); 

N = 6.43 % (theoretical value 6.4 % for CgH,,0;NCl); 
Cl = 15.1 % (theoretical value 14.8 %). 


In figure 6 the titration curve of this chondrosamine-HCl preparation 
is given with and without the addition of 24} ml formaldehyde 40 %, 
using 25 ml of a solution containing 200 mgr chondrosamine-HCl (= about 
0.9 mmol). 


6) Sracny (1944) noted that the preparation must be boiled with concentrated 
hydrochloric acid, but he means 20.24 % HCl and not the 36 % solution. 
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The pK, value of chondrosamine was calculated as 11.15, while in the 
presence of formaldehyde the pK, value decreases to 9.9. . 

In Table V we have recorded the total amounts of basic groups in 
mequiv present in 500 mgr of each of the chondroitin sulphate preparations 
and the pK values of this group. 


TABLE V 


The pK value and the total amount of free basic groups in chondroitin sulphate 


preparations (in mequiv./500 mgr prep. = 0.825 mequiv.) 
Basic substance 
: Extraction | =i s % found with 
EASE BESO method mequiv. | of — ninhydrin pk 
varus") reaction 
1 CaCl, 0.06 7.3 3.6 | 10.85 ) " 
2a CaCl, 0.04 4.8 | | 10.83 ( . 
2 KOH 0.23 27.8 13.3 pais Ss 
a 

3 KOH 0.22 26.5 12.6 10.95 ) 8 
3 (formoltitr.) 0.12 14.6 - | 10.22 
4 KCI-K,CO, 0.00 - <1 | 
5 KCI-K,CO, 0.00 : ater Ba — 


*) The amounts of mequiv. free chondrosamine given in column 38 of the table 
were turned into percentages of the total amount of chondrosamine present 
(0.825 mequiv./500 mgr prep.) = free chondrosamine + acetyl-chondrosamine. 


We may indeed conclude that the alkaline branch of the titration 
curve is due to the presence of free chondrosamine in the chondroitin 
sulphate preparations’) after the extraction method with KOH (and 


CaCl,). 


§ 6. Discusston 


Besides the usefulness of the titration curve for the determination of 
the amount of uronic acid in mucopolysaccharide preparations (much 
better than with the colorimetric methods; see section 4), this method 
also gives an indication for the presence of free hexosamine (section 5). 
In literature only a few data about free hexosamine in mucopolysaccharide 
are mentioned (mostly using the quantitative ninhydrin reaction of 
Moore and Srern, 1948). Orr (1954) notes that in chondroitin sulphate 
and in hyaluronic acid preparations maximally 0.5% and 3% free 
aminogroup/disaccharide unit respectively, are present, while Kmnr and 
WHITEHOUSE (1955) mention that a potassium chloride extracted prepa- 
ration of bovine trachea had 3.1 % of its aminosugar in the —NHS 
condition. 


In Table V we see that the extraction with alkali gives preparations 


") If we use the term ,,free chondrosamine” or » free hexosamine’’, we always 
mean non-acetylated chondrosamine in the mucopolysaccharide chain. 
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with large amounts of free aminosugar (about 28 and 26.5 % in the 
preparations 2 and 3). These large amounts of free chondrosamine explain 
why the percentages of acetic acid of these two preparations (Table III: 
77 % and 71 % respectively) are much lower than those of the other 
preparations (mean value: 95.5 %). These percentages of acetic acid are 23 
and 29 % too low and this rather corresponds with the amounts of free 
chondrosamine in the preparations 2 and 3 (27.8 and 26.5 %). 
Control determinations on the percentages of free aminogroups calculated 
from the titration curves were performed by means of the colorimetric 
ninhydrin reaction introduced by Moors and Stern (1948). Glucosamine- 
HCl solutions of varying concentrations (up to 250. ug) treated with 
ninhydrin reagent were used for drawing the calibration curve (the 
relationship between the concentration and the extinction of the coloured 
products measured with an electric colorimeter at 570 my is lnear in this 
range of concentrations). In Table V the percentages determined with 
this method are summarized (column 5), but lower values were obtained 
than from the titration curves. The percentages obtained from alkaline 
treated preparations are, however, larger than in the other ones. 


That in an alkaline solution the acetyl group of the N-acetyl-chondro- 
samine part of chondroitin sulphate is split off, can be demonstrated with 
figure 7. Each of two lots of 1 gramme of the preparation 5 (extracted 
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Fig. 7. Titration curve of K-chondroitin sulphate preparation 5 before and after 
the treatment with 2% KOH for 1 and 4 days. 


with KCl—K,CO,; no free aminogroups present) was dissolved in 50 ml 
2% KOH and kept at room temperature for 1 and 4 days respectively. 
After this time the solutions were neutralized with glacial acetic acid, 
dialysed against bidistilled water, precipitated with alcohol 96 % after 
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the addition of 2 gr K-acetate, centrifugated off, washed with alcohol and 
ether and dried in vacuo. 

From these alkaline treated preparations a titration curve was made 
(using 500 mer prep.). In figure 7 we indeed see that the alkaline branch 
of the curve appears (after 1 day 0.04 mequiv. free chondrosamine is 
present and after 4 days 0.15 mequiv.; the pK values 10.80 and 10.85 
respectively), while the acid branch remains unchanged. 


Finally we will mention preliminary results of the influence of alkaline 
treatment of Na-hyaluronate (prepared from human umbilicord according 
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Fig. 8. Titration curves of hyaluronic acid preparations (A: Na-hyaluronate from 
bovine vitreous humor; B: Na-hyaluronate from human umbilicord; C: the same 
as B after a treatment of 2 days with 2 % KOH). 
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Fig. 9. Titration curves of heparin before and after a treatment with 2 %KOH 
for 1, 3 and 5 days. 
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to the method of JmaNtLoz and FoRCHIELLI (1950) and from bovine vitreous 
humor according to the method of Mryvrer and PaLMER (1936)) and of 
heparin (a commercial preparation of Vitrum, Stockholm). In the figures 
8 and 9 the titration curves of these mucopolysaccharides are given 
before and after a treatment of alkali for 2 days in the case of hyaluronate 
and for 1, 3 and 5 days in the case of heparin (as described for chondroitin 
sulphate, page 29). Here the alkaline branch in the titration curve is 
very small for the preparations themselves (the amounts of free amino- 
sugar, here glucosamine, is maximally 0.01 mequiv./500 mgr mucopoly- 
saccharide). After an alkaline treatment of 2 days the amount of free 
glucosamine in Na-hyaluronate already increases to 0.07 mequiv./250 mer 
hyaluronate. For heparin the amounts of glucosamine set free after 1, 3 
and 5 days are 0.02, 0.10 and 0.13 mequiv./500 mgr heparin respectively 8). 

Here too, the acid branch of the titration curve remains unchanged 
and lies at the same pH values for these mucopolysaccharides (pK, values 
of the glucuronic acid calculated according to KatcwansKy and GILiis 
he between 3.34 and 3.42). 


§7. SuMMARY 


1. A survey is given of the extraction methods, the purification and 
the yield of chondroitin sulphate preparations from cartilagenous tissues. 
The criteria for the purity of this mucopolysaccharide and the sources of 
error of the chemical methods to analyse the composing substances are 
discussed. 

2. It was argued that the titration curve of these chondroitin sulphate 
preparations is an excellent method to calculate the amount of glucuronic 
acid and to indicate the presence of free aminogroups in these preparations. 

3. The acetyl group of the mucopolysaccharide is split off when using 
alkali as an extraction method. CaCl, gives this phenomenon in a much 
lesser degree, while extracting with 30 % KCl+1 % K,CO, the N-acetyl- 
chondrosamine part of the chondroitin sulphate remains intact. 

4. It was demonstrated that during an alkaline treatment of pure 
preparations of chondroitin sulphate, hyaluronate and heparin the amino- 
groups are actually set free. 

(From the Laboratory of Medical Chemistry, 
University of Leiden, the Netherlands ) 
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CHEMISTRY 


CIS BETA IONYLIDENE CROTONIC ACID 
BY 


EDGAR L. EICHHORN 


(Communicated by Prof. C. H. MacGi~navry at the meeting of November 24, 1956) 


The trans isomer of A.D. acid (béta ionylidene crotonic acid) was 
investigated during the past 5 years [1, 2] and it seemed to us that the 
other geometrical isomer obtained in the Reformatsky reaction [3] should 
also be studied crystallographically. This has now been accomplished with 
zero layer Weissenberg diffraction data. The anode target used was copper. 

The cis isomer is metastable with respect to the trans isomer at room 
temperature; if exposed to light the compound will isomerize and develop 
darker crusts of trans A.D. acid. The substance was therefore stored and 
processed at —10°C in a freeze room, which was kept dark during the 
crystallization and diffraction experiments. 

From a mixture of equal parts of ethanol and light petrol as solvent a 
triclinic modification, labeled “‘one”’ is obtained. It forms white to faintly 
yellow needles (the colour depending on the thickness of the specimen 
under observation) which appear in tight clusters. The needles are waxy 
soft and thus difficult to handle without deformation. There is a very good 
cleavage plane, which we designated (001). Only the very thin needles are 
single crystals, but the thicker ones of the clusters are polysynthetic twins. 
The forms of the primary pinacoids are fairly well developed in most 
crystals, but the signals obtained on the Sturdivant goniometer (a very 
sensitive instrument) were too diffuse to allow optical measurement of 
cell constants. 

A second modification, “two”, could be crystallized from an admixture 
of equal parts of acetone and benzene as solvent; the modification consists 
of long yellow laths, and has higher symmetry than ‘‘one’’. This could be 
ascertained from an oscillation photograph about the lath elongation axis. 
The crystallographic axes are long. 

The third modification, ‘‘three”, will separate from a solution containing 
25 % acetone and 75 % benzene (by volume). This modification again is 
triclinic and occurs in yellow prisms and plates. The unit cell contains 
4 molecules. 

The first modification was utilized for X-ray work, since the cell constants 
were the most favourable of the set of 3 available modifications. 

There are no systematic absences, and the spacegroup may therefore be 
either P 1 or P 1. The latter was chosen, inasmuch again, as in the trans 
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isomer of the A.D. acid, two molecules of a carboxylic acid may be assumed 
to form hydrogen bridge linkages about a centre of symmetry. 

There are 2 molecules per unit cell. The measured density, by flotation 
was d,=1.044 g/em*, the density computed from the diffraction data was 
d,,=1.046 g/cm’. 


i= eet alpha Silent 

b= 7.30> + 0.02A béta = 93.6) + 0.1° 

c=21.67 \ paras 1003 
V=825 + 2A3. 


The six lowest levels about the short a-axis, the 7 lowest levels about 
the intermediate b-axis, and the zero layer only of the longest axis were 
recorded for intensities, and evaluated by the multiple film visual estimation 
technique. 

When we started on the trials for this isomer we already had the benefit 
of experience gained from X-ray work on the trans compound. The cis 
bridge must occur, vide synthesis, in the sidechain at A-12. From the cell 
constants the lenghtwise arrangement of the molecules suggested itself. 
In the set of planes (0kl), we had 184 observed reflexions, of which (010) 
and (014) were by far the most intense. Their spacings are 6.11 and 4.88A 
respectively. The two planes enclose an angle of 112°. This suggested that 
each of these planes contain one wing of the boomerang-shaped molecule 
and that the plane of the sidechain should be inclined with respect to the 
(Okl) projection plane. Since one of the wings contains the ring with the 
protuding methyl-substituents, (010) was assumed to be parallel to it, 
since it has the wider spacing. The carboxyl groups, much as in the trans 
isomer, were “suspended” from a symmetry centre. 

To ascertain the position of the molecular plane, the 3-dimensional set 
of diffraction data was perused, Apart from the planes (010) and (014) the 
plane (104) is also fairly strong with d=3,42A. The intensity however is 
too low for a “molecular plane’’ and the separation too small for a layer 
of a structure containing a cyclohexene ring. The plane (104) however was 
taken to indicate the general direction of the molecule in the cell, seen 
along the b-axis. 

We now turned to an inspection of planes with h=2 (a being the shortest 
axis). Our reasoning here was that if the first order of the molecular plane 
should have a general position in the unit cell, its second order plane might 
very well be near enough to a plane with rational indices for this plane to 
show up strongly in the transform. A second order plane was expected to 
have a separation of 1.75 to 2.00 A and it so happens that the two strongest 
planes of the h = 2 set fit this category precisely: de,=1.77A, and dy,,=1.87 
A. All planes coming after these two in intensity strenght have spacings 
very much larger. We therefore assumed that the second order plane of 
ihe molecules would occupy a position between (214) and (215) which 
‘esults in a value of about 3.6 A layer thickness of the molecules. 
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With this information we were able to construct a fairly decent trial 
model which was used for the (0kl) projection first. It soon became obvious 
that the ring position is such that the double bond in the ring is in cis 
position with respect to the first double bond of the sidechain. This is 


Biga 


Fig. 2 
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inverse with respect to the situation found in the trans compound. This 
remarkable inverted ring position has been found in at least one other 
carotenoid [4, 5]. 

The (h0l) projection was then undertaken and also refined. Refinement 
of both projections was carried out by differential syntheses after the third 
stage of Fourier map refinement. These third stages are shown in the 
figures 1 and 2. Most of the computational work was carried out with the aid 
of punched card equipment. The R,, values were about 23 °% for the (0k1) 
projectional data and 25 % for the (h0l) data, after the fourth differential 
cycle [6]. 

Since the stereochemical aspect of the problem in the cis isomer was thus 
cleared up, further work on this compound, at least for the present, was 
suspended. The total number of observed planes was 1355 out of a possible 
total of 3570 in the copper limiting sphere. 


This research on cis A.D. acid was carried out under a George Ellery 
Hale Fellowship in the California Institute of Technology. Dr D. A. van 
Dorp furnished the samples of the investigated substance. 


The Norman Church Laboratories. 
C.I.T. Pasadena, Calif. 
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CHEMISTRY 


KOLORIMETRISCHE PHOSPHORBESTIMMUNG IN 
PHOSPHORLIPIDEN 


VON 


A. E. F. H. MEIJER 


(Communicated by Prof. H. G. BUNGENBERG DE JoNné at the meeting of Sept. 29, ’56) 
ZWEITE MITTEILUNG 


In einer vorhergehenden Veréffentlichung [1] sind die Reduktionsmittel, 
Hydrochinon, 1-Amino-2-Hydroxynaphthalen-4-Sulfonsiure (Eikonogen) 
und Stannochlorid auf ihre Verwendbarkeit und Zuverlassigkeit bei 
kolorimetrischen Phosphorbestimmungen gepriift worden. 

Uberdies wurde eine Vorschrift beschrieben, bei welcher als Reduktions- 
mittel Hydrochinon verwendet worden ist und mit welcher man Quanti- 
taten von 0.1—0.8 mg Phosphor bestimmen kann. 

Besonders wurde beachtet: 


1. die Art der Zersetzung 

2. der Einfluss der Farbentwicklungszeit auf die Extinktion 
3. der Einfluss des pH auf die Extinktion 

4. der Einfluss der Temperatur auf die Extinktion. 


Da in den letzten Jahren die Frage nach einer empfindlicheren Methode, 
mit welcher man kleinere Quantitaéten Phosphor ziemlich genau bestimmen 
kann, immer betont wird, ist nach einer derartigen Methode gesucht 
worden. 

Diese Untersuchung hat schliesslich eine Vorschrift ergeben, mit 
welcher man Quantitaéten von 0.01 mg—0,10 mg Phosphor bestimmen 
kann. Nacheinander wird diese Vorschrift und ihre Zuverlassigkeit 
besprochen werden. 

Die Extinktionen sind mit einem einfachen Klett-Summerson Kolori- 
meter, Modelle 800-3, gemessen worden, bei welchem das zu dem Kolori- 
meter gehdrende rote Filter Nr. 60 verwendet worden ist. 


Vorschrift 


Reagentien 


1) Molybdansaurelosung. 
25 g Ammoniummolybdat werden gelost in etwa 25 ccm destilliertem 


Wasser, dann wird 25 ccm konzentrierte Schwefelsiure hinzugefiigt und 
das Ganze aufgefillt auf 500 ccm. 
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2) Hydrochinonlésung. 

0,5 g Hydrochinon und 15 g Natriummetabisulfit (Natriumpyrosulfit) 
werden in 100 ccm destilliertem Wasser gelost. Diese Lésung ist zwei 
Wochen haltbar. 

3) Standardphosphatlésung. 

438,9 mg Monokaliumphosphat werden gelost in 1 Liter destilliertem 
Wasser. 

4) Verdiinnte Standardphosphatlosung. 

10 ccm der Standardphosphatlésung verdiinnt man mit destilliertem 
Wasser auf 100 ccm. 1,0 cem dieser Lésung enthalt 0,01 mg Phosphor. 

5) 5 n Natronlauge. 

6) 5 n Schwefelsaure. 

Alle Chemikalien sollen chemisch rein sein. 


Man pipettiere in Kjeldahl-Zersetzungskélbchen von 100 ccm Inhalt, 
eine bestimmte Quantitat einer zu zersetzenden phosphorhaltigen Lésung. 
(0.01-0,10 mg P.) Vorsichtig dampft man das Lésungsmittel ab. Darauf 
1,0 eem konz. Schwefelsiure hinzufiigen und so zersetzen, dass keine 
nennenswerten Mengen Schwefelsiuredimpfe entweichen. (Wenn man 
eine wassrige Lésung hat, ist es besser, sofort Schwefelsiiure hinzuzufiigen.) 

Um die verkohlte Substanz so schnell wie méglich zu oxydieren, fiigt 
man ab und zu einige Tropfen Wasserstoffperoxyd 30% (Perhydrol 
Merck) hinzu. Man wiederholt diese Zugabe von Perhydrol so lange, bis 
die Lésung farblos geworden ist. Da das Perhydrol die Farbreaktion mit 
Hydrochinon beeintrachtigt, verkocht man die letzten Reste Perhydrol 
etwa 10 Minuten lang, damit das Perhydrol véllig verschwunden ist. Nach 
der Zersetzung wird den Inhalt des Kélbchens verdiinnt mit maximal 
5 ccm destilliertem Wasser und ein Tropfen einer 0,05 prozentigen 
Phenolphthaleinlésung hinzugefiigt. Dann neutralisiert man mit 5 n 
Natronlauge bis zum Farbumschlag von Phenolphthalein, wonach die 
Losung mit 5 n Schwefelsiure auf einen fiir die Farbentwicklung giinstigen 
pH gebracht wird. 

Zu diesem Zweck wird die Lésung erst wieder mit 5 n Schwefelsiure 
eben entfarbt (es geniigen bereits ein oder zwei Tropfen), dann werden 
weitere 0,75 ccm 5 n Schwefelsiure zugefiigt. 

Darauf wird der Inhalt der Kélbchen quantitativ in Massreagenz- 
réhrchen von 25 ccm Inhalt gebracht. 

Zum Schluss fiigt man 1 cem Molybdansiurelésung und 0,5 eem Hydro- 
chinonlésung hinzu und fillt mit destilliertem Wasser auf 25 ecm auf. 

Die Massreagenzréhrchen werden mit Gummistopfen verschlossen und 
den Inhalt wird gemischt. Nach 60 Minuten werden die Extinktionen 
gemessen. 

Mit dieser Methode kann ziemlich genau der Phosphor- und Lipoid- 
phosphorgehalt von Serum bestimmt werden. Fiir jede Bestimmung 
verwendet man 0,1 cem oder 0,2 cem Serum. Um die Zuverlassigkeit der 
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Analysenresultate zu vergréssern, empfichlt es sich, die Ausftihrung 
mindestens zweimal zu machen. Die durchschnittlichen relativen Fehler 
sind maximal ungefahr 3°%. Diese sind also fiir klinisch-chemische 
Bestimmungen hinreichend klein. 


Besprechung der Vorschrift 
Die Standardgerade 


Bekannte Quantitaten (0-10 cem) der verdiinnten Standardphosphat- 
lésung werden in Kjeldahlkélbchen pipettiert. In derselben Weise wie in 
der Vorschrift angegeben worden ist, wird ,,zersetzt’? mit 1 ccm konz. 
Schwefelsiure, danach werden die Extinktionen bestimmt. 

Es wurden untenstehende Resultate erzielt: 


mittel 

0,00 mg P. iS he OS ElO)s IS Weis aloe 10,5 -— 0,7 *) 
0,00 mg P. LOS Ld GO OO aL 

UROL eaves 352 Bee Bie BS Gis ala Se Be 32,3 + 0,5 
0,02 mg P. 54; D4> D4; 045 542 bos 54. 54,1 + 0,2 
0,03 mg P. Woe ioe Vise gas Thos Wee Who. 75,6 + 0,5 
0,04 mg P. 98; 98; 98; 97; 98; 98; 99. 98,0 + 0,3 
0.05 mg P. 19120-11205 20 FAs) AO: 119,4 + 0,7 
0,10 me P. 232702305 234. 2S Ouse Osi 


*) E = 16 nicht bericksichtigt. 


Aus diesen Daten ist zu ersehen, dass es eine lineare Beziehung gibt 
zwischen der Extinktion und der Phosphatkonzentration. 
0,01 mg P. stimmen iiberein mit etwa 22 Skalenteilen des Kolorimeters. 


Weiter wurde die Methode auf ihre Zuverlassigkeit gepriift. Zu diesem 
Zweck ist der Phosphorgehalt von Kaninchenserum untersucht worden. 
Fiir jede Bestimmung wurde 0,2 com Serum gebraucht. Von 8 Bestim- 
mungen betrug die mittlere Extinktion 63,9 + 1,2, wahrend sie fiir die 
vier Blindversuche 10,5 + 0,5 betrug. 

Aus diesen Beobachtungen folgt, dass das Serum 


[== —10,5 
22 


] OO toe 100. me 9, P= 12, Nemo, P 
enthielt. 

Der Phosphorgehalt des Serums wurde auch noch mit einer anderen 
kolorimetrischen Methode bestimmt [2]. Hiermit wurde ein Gehalt von 
12,4 mg % P im Serum ermittelt. 

Auch Lipoid-Phosphorbestimmungen im Serum gaben_befriedigende 
Resultate. 

Im hiesigen Laboratorium wurden zwei verschiedene Methoden zur 
Bestimmung von Lipoidphosphor ausgearbeitet. Bei der einen wurde ein 
Alkohol-Athergemisch nach Bloor, bei der anderen Trichloressigsaure 
verwendet. 
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Es wurde untersucht, ob beide Methoden gleiche Ergebnisse liefern. 


1) 0,1 cem Serum wurde langsam in 10 ecm Alkohol-Athergemisch, 
im Verhaltnis 3:1, in ein Massreagensrohr von 25 ccm Inhalt einge- 
tropft. Um das Eiweiss vollstiindig zu koagulieren, wurde der Inhalt des 
Massreagensrohres eine Minute lang im Wasserbad gekocht. Danach 
wurde abgekiihlt und filtriert, der Niederschlag mit Alkohol-Athergemisch 
gut ausgewaschen. Das Filtrat wurde im Kjeldahlkolben eingedampft und 
der Riickstand mit 1 cem konz. Schwefelsdure zersetzt. 

Die mittlere Extinktion von 6 Bestimmungen betrug 22,2 + 1,1. 


2) In Zentrifugenrdhrehen wurde zu 0,9 cem destilliertem Wasser 
0,1 com Serum und 1,0 ecm 20 prozentige Trichloressigsiure zugefiigt. 
Nach griindlichem Schiitteln wurde der Inhalt 10 Minuten ruhig stehen 
gelassen. Dann wurde zentrifugiert, wonach die iiberstehende Fliissigkeit 
abdekantiert wurde. Der Niederschlag mit 10 prozentiger Trichloressig- 
sdure ausgewaschen. Nach nochmaligem Zentrifugieren wurde der Nieder- 
schlag quantitativ in ein Kjeldahlkélbchen iiberfiihrt und mit 1 eem konz. 
Schwefelsiiure zersetzt. 

Die mittlere Extinktion von 6 Bestimmungen betrug 21,7 + 1,4. 


Das Serum enthielt folglich 1): 


22,2 —10,5 © , 
[=| x 0,01 x 1000 mg % P=5,3 mg % P. 


Das Serum enthielt folglich 2): 


21,7 —10,5 ate ; e 
[a] x 0,01 x 1000 mg % P=5,1 mg & P. 

Man sieht also, dass mit beiden Methoden praktisch iibereinstimmende 
Resultate erzielt wurden, die auch mit den Ergebnissen von ZILVERSMIT 
[4] und FrinpLANDER [5] iibereinstimmen. 


Die Untersuchung ergab, dass die hier besprochene Methode viel 
empfindlicher ist beziiglich des pH-Wertes als die bereits friiher veréffent- 
lichte Methode. Aus diesem Grund konnten mit der in der Vorschrift 
beschriebenen Ammoniakzugabe nach der Zersetzung hier keine guten 
Ergebnisse erzielt werden, da diese pH-Standardisierung nicht genau 
genug war. 

Befriedigendere Resultate wurden jedoch mit der in dieser Vorschrift 
angegebenen pH-Standardisierung erzielt, die in etwas geanderter Form 
aus der Vorschrift fiir die unter [2] angegebene Methode iibernommen 
wurde. 


Ks muss darauf hingewiesen werden, dass bei dieser Methode sehr genau 
gearbeitet werden muss. 


4] 


Durch die grosse Empfindlichkeit kénnen namlich bereits kleinste 
Verunreinigungen des zu gebrauchenden Materials wie Glassachen, 
Chemikalien und Gummistopfen ansehnliche Fehler in den Ergebnissen 
verursachen. Die zu verwendenden Gummistopfen miissen durch mehr- 
stiindiges Kochen in verdiinnter Saéure gereinigt werden. 

Ks sei weiter erwahnt, dass die Losungen, in denen die Farbe entwickelt 
wird, relativ viel Na,SO, enthalten, da sowohl Lauge als auch Saure zur 
pH-Standardisierung zugefiigt wurde. Die Na,SO,-Konzentration ist 
ungefahr 0,5 molar. Dadurch wird die Farbentwicklung verzégert. Eine 
Farbentwicklungszeit von 30 Minuten, wie in der bereits friiher veréffent- 
lichten Vorschrift, ist fiir die hier erwihnte Vorschrift bestimmt zu kurz. 
(siehe Abb. I). 


2 3 4 5) 6 


Zeit inStunden 
Abb. 1. Einfluss der Farbentwicklungszeit und der Na,SO,-Konzentration auf die 
Extinktionen. Die Extinktionen sind in Lésungen mit verschiedenen Na,SO,- 
Konzentrationen und nach verschiedenen Zeitpunkten bestimmt worden. Die 
Phosphatkonzentration war 0,023 mg P/25 ccm. 


O—-O-O Die Na,SO,-Konzentration war 0,00 n. 
+— + Die Na,SO,-Konzentration war 0,25 n. 
O-=O—@ Die Na,SO,-Konzentration war 0,50 n. 
—S8—CG—G-— Die Na,SO,-Konzentration war 0,75 n. 


Die Na,SO,-Konzentration war 1,00 n. 


Die aufeinander folgenden Messungen bei 4 Bestimmungen nehmen 
ungefahr 2 Minuten in Anspruch. 

Wenn wir die Farbe messen: 
nach 30 Minuten Farbentwicklungszeit, die Messzeit also die 29.-31. Minute 
ist, dann betragt der relative Zeitfehler, fiir P gleich 0,02 mg/25 ccm, 


ungefahr 1,5 %. 
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nach 45 Minuten Farbentwicklungszeit, die Messzeit also die 44.-46. Minute 
ist, dann betrigt der relative Zeitfehler, fiir P gleich 0,02 mg/25 ccm, 
ungefahr 1,1 %. 
nach 60 Minuten Farbentwicklungszeit, die Messzeit also die 59.61. Minute 
ist, dann betragt der relative Zeitfehler, fiir P gleich 0,02 mg/25 ccm, 
ungefahr 0,8 %. 


Diese relativen Zeitfehler gelten fiir eine 0,5 molare Salzkonzentration. 
(Siehe Kurve 3, Abb. I.) 

Abb. I zeigt deutlich, dass der Einfluss des Na,SO, auf die Extinktion 
nicht zu vernachlassigen ist. 

Interessant ist die grosse Ubereinstimmung zwischen dem Einfluss des 
pH und dem des Na,SO, auf die Farbentwicklungsgeschwindigkeit, die 
von beiden verringert wird. (Siehe auch vorige Verdéffentlichung.) 

Die End-extinktion ist fast v6llig unabhiingig von der Salzkonzentration, 
sofern diese nicht zu gross ist. 

Auf gleiche Weise wurde gezeigt, dass der Einfluss yon (NH,),SO, auf 
die Farbentwicklungsgeschwindigkeit ungefahr gleich gross ist dem von 
Na,SQ,. 

Besonders bei kolorimetrischen Phosphorbestimmungen von relativ 
salzhaltigem Material muss der Salzeinfluss beriicksichtigt werden. 


Zusammenfassung 


Ks wurde eine kolorimetrische Phosphorbestimmungsmethode _ be- 
schrieben, mit welcher Mengen von 0,01—0,10 mg Phosphor hinreichend 
genau bestimmt werden kénnen. 

Als Reduktionsmittel wurde Hydrochinon verwendet. 

Ferner wurden die Zuverlissigkeit und einige Besonderheiten dieser 
Methode besprochen. 


Aus dem Zentrallaboratorium des 
Akademischen Krankenhauses, Leiden, 
Chef-arzt: W. A. L. DEKKER 
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CHEMISTRY 


THE CHEMISTRY OF ACETYLENIC ETHERS 


XXIV. PREPARATION OF ETHYLTHIOACETYLENE AND OF ETHYL- 
THIOETHYNYLCARBINOLS FROM 1,2-BIS-ETHYLTHIOETHYLENE 


BY 


H. C. VOLGER anp J. F. ARENS 


(Communicated by Prof. H. J. Backmr at the meeting of October 27, 1956) 


In previous papers from this laboratory we described the preparation 
of alkylthioacetylenes +) and of alkylthicethynylearbinols 2) (by conden- 
sation of aldehydes and ketones with the Grignard or lithium derivatives 
of alkylthioacetylene). 

In analogy to a method for the synthesis of arylthioacetylenes recently 
published by ParHam and Srricut *) we found a second route for the 
preparation of the compounds mentioned in the title. Lithium ethyl- 
thioacetylene was obtained by a reaction between 1,2-bis-ethylthio- 
ethylene (I) and n.butyllithium (II) in ethereal solution. 


CA, =3=Ca —0n 8-68, + 20:6,0,Li = 
I Il 
OE, 8 -C=20 Ti A, 8 Li 2 0-04, 
II IV V 


During the reaction n.butane (V) was evolved (yield 1.8-2.0 moles of 
V from 1 mole I) and a white precipitate of lithium ethanethiolate (IV) 
was formed. This was filtered off and characterised by conversion into 
Hg(SC,H;),, m.p. 76-77°, yield 51 %. 

The filtrate (A) was hydrolysed, whereupon ethylthioacetylene could 
be obtained by distillation (boiling range 90-96°, nj? 1.4779, yield 47 %). 
If the reaction mixture was hydrolysed without filtering off the precipi- 
tated lithium ethanethiolate, the ethylthioacetylene recombined with 
ethanethiol and the starting material 1,2-bis-ethylthioethylene (I) was 
recovered. 

When carbonyl compounds were added to the filtrate (A), the carbinols 
VII were formed. 


C,H, -§ -C=C—Li + R,C=O > C,H, —-S —C=C —C(OH)R, 
III VI VIL 


J. F. Arens and T. Doornsos, Rec. trav. chim. 75, 481 (1956). 
2) J. F. Arens et al., Rec. trav. chim. 75, 1459 (1956). 
W. E. Param and P. L. Srrieut, J. Am. Chem. Soc. 78, 4783 (1956). 
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In this way we prepared: 

a: 1-ethylthio-3-methylbut-l-yn-3-ol, b.p. 98-103° (15 mm), nj’ 1.4998, 
yield 70 %, from acetone. 

b: 1-ethylthio-3-phenylprop-l-yn-3-ol, b.p. 78-83° (10-° mm), nj? 1.5853, 
yield 56 %, from benzaldehyde. 

ce: l-ethylthioethynyl-l-hydroxycyclohexane, b.p. 113-116° (4 mm), 
m.p. 33-35°, yield 55 %, from cyclohexanone. 

From 2-ethoxy-1l-ethylthio-ethylene (prepared by addition of ethan- 
ethiol to ethoxyacetylene*) or by a reaction between sodium ethanolate 
and ethylthioacetylene) we obtained in the same way an _ ethereal 
solution of lithium ethylthioacetylene. 

By addition of acetone to the reaction mixture 1-ethylthio-3-methyl- 
but-1-yn-3-ol was formed; b.p. 98-101° C (14 mm), n?? 1.4998, yield 56 %. 

The carbinols VIIa, b, ce, by comparison of boiling points, indices of 
refraction and infrared absorption spectra, were shown to be identical 
with authentic samples 2). 


4) J. F. Arens, A. C. Hermans and J. H. SpernaA WEILAND, Proc. Koninkl. 
Nederl. Akad. Wetensch. B 58, 78 (1955). 


University of Groningen, 
Laboratory for organic chemistry. 


CHEMISTRY 


THE CHEMISORPTION AND PHYSICAL ADSORPTION OF 
WATER ON SILICA. I 


By 


J. H. DE BOER, M. E. A. HERMANS anp J. M. VLEESKENS 


(Communicated at the meeting of November 24, 1956) 


1. Introduction 


It is a well-known fact that the surface of silica, which ‘is not heated 
to high temperatures, is covered with OH groups (chemisorbed water). 
The amount of this chemisorbed water, expressed as grams of water per 
100 grams of dry waterfree SiO,, decreases gradually when silica is heated 
to high temperatures. The nature of the surface, and hence the behaviour 
of silica as an adsorbent, depends on these OH groups. The amount of 
water adsorbed may easily be estimated by heating a sample to constant 
weight at a high temperature by means of a Meker burner, provided 
with compressed air and gas leads. There are, however, two conditions 
which have to be fulfilled: 


1. The sample may not contain other volatile matter. 
2. All water should be chemisorbed (bound as OH groups). 


The majority of the experiments described in this article have been 
done with silica, prepared by hydrolysis of SiCl,, according to a method 
described by Barrett and Fu 1). After the gel has been dried on a steam 
bath, it is repeatedly washed with distilled water and ultimately dried 
at 105°C. The amount of free acid is then negligibly small compared 
with the total loss of weight on ignition, so that the first condition is 
fulfilled. 

The second condition can only be fulfilled when we know how the sample 
has to be dried in order to remove all physically adsorbed water and none 
of the OH groups. In the present study we shall deal with this question. 
The gradual loss of OH groups at various high temperatures will also be 
described and followed by a discussison of the problem of reforming 
OH groups by the action of water on the dehydrated surface. 

The amount of water, adsorbed on silica by chemisorption as well as 
by physical adsorption forces and calculated as grams of water per 100 
grams waterfree (also OH-free) SiO,, will be denoted by W,. The amount 
of chemisorbed water in the case of a surface just fully covered with OH 


1) ¥F. E. Barrett and Y. Fu, J. Phys. Chem. 33, 676 (1929). 
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will be denoted by W,,. If, therefore, water is only present in the form of 
OH groups: Wo, > W,; if physically adsorbed water is present: W, > Wog- 
The various samples of silica are denoted by letters, indicating the method 
of preparation, followed by a figure giving the temperature of heating 
prior to the treatment described. Hence BF 120 means a silica prepared 
according to the method of Bartell and Fu, already indicated above, 
and dried at 120°C. 


2. Drying and dehydration ; influence of the water vapour pressure 


A sample of BF 120 was soaked in water and submitted to a water 
vapour pressure of 4.6 mm of Hg at 91°C. The water content was 
determined at various intervals. Table I and Fig. 1 show that W, attains 
a constant value after about 4 to 5 hours. 


Hi Wa °o Silica BF 
93 
8 

Pp 
7 \ 

29 $$ 9 SA 91 280 

teat d 148 °C 
A PO oc Eg 

Ls Pi Sat 

Pee 


ng 495 Of 


Pina cata eg oe 
On: 745 OF 

— time of heating, hours 
0 10 20 30 40 bo) @) 


Fig. 1. Total water content as a function of the time of heating at different 
temperatures. 


A similar experiment was carried out with BF 120, previously exposed 
to normal air until about 4 °%, of water was taken up; it was then submitted 
to normal atmospheric humidity at 148° C. The results are also shown in 
table I and Fig. 1 and we see that after one hour a constant weight is 
reached. Samples of BF 120 were then stored over water until W,=34 %, 
whereupon they were heated to various temperatures, between 90° C 
and 120°C, until constant weight was reached. The results are shown 
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ABR 
a 
BF 120, soaked in water, then BF 120, exposed to air until 
dried in air 4% extra water was taken up 
o1 Cy p. — 4.6 mm | 148° C, atm. cond. ’ 
coe Ww. % ine wW.% 
ow ee 
QO min. 59.3 QO min. 9.0 
15 min. 38.6 20 min. 5.05 
| 
1 hour Te8: 1 hour 4.90 
4 hrs. 5.90 2 hrs: 4.90 
5 hrs OESo ®& hrs: 4.90 
11 hrs 5.84 Wes lanes. 4.89 
21 hrs: 5.87 
Silica BF 
Ta WE Sia 


© py =20 mm Hg 
© Ppw= 01 mm Hg 


100 120 140 160 180 


Fig. 2. Conditioning at two vapour pressures of water. 


in table II and Fig. 2; we see that the influence of the water vapour 
pressure, p,, on W, is negligibly small at temperatures higher than 115° C. 


TABLE II 


BF 120, stored over water until W, = 34 % 


Py = 0.1 mm of Hg Pp, = 20 mm of Hg 

temp. ° C W,%% temp. °C WwW, % 
96 5.42 94 5.83 
102 5.35 102 5.57 
108 5.32 107 5.39 
116 5.23 114 5.27 


Similar experiments were performed at higher temperatures. Table HI 
gives the results obtained with samples of BF 120, which, previous to 
the heating, was allowed to take up 4% of extra water from the air. 
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TABLE III 
8 eee 


BF 120, exposed to air until 4% extra water was taken up 


380° C, Eine. cond, 495° C, atm. cond. 745° C, atm. cond. 
“Timo | W.% Time | W, % Time W, % 
0 min. 9.23 0 min. 9.27 QO min. 9.25 
15 min. 4.58 15 min. | 4.18 1} hrs 1.59 
1 hour 4.39 1 hour 3.69 43 hrs 1.37 
2 hrs. 4.29 2 hrs. | 3.51 | 25% hrs 1.12 
3% hrs. 4.20 Shrs. | 3.12 | 44 hrs 1.00 
34 hrs. 3.83 | 22 hrs. 2.82 | 66 hrs. 0.99 
40 hrs. 3.79 | 46 hrs. 2.63 88 hrs. 0.97 
| 


As shown in the table and also by the corresponding curve in Fig. 1, 
W, does not reach a constant level as a function of time, but it suffers 
a continuous decrease. As shown in table IV, the water vapour pressure 
p, has no influence on W, as obtained by heating at higher temperatures 
during a constant time. 


TABLE IV 


Temperature Py mm of Hg Ws % 
170° C 0.1 4.95 
| 17.5 5.03 
(5 hours) 50 4.96 
atm. cond. 5.04 

: ! SS See 
340° C 0.1 3.73 
(19 hours) 20 3.65 
590° C 0.1 1.57 
(6 hours) 20 1.60 


We may conclude from these and similar experiments: 


1. At temperatures lower than 110°C a normal adsorption-desorption 
equilibrium governs the physical adsorption of water. 

2. At temperatures between 120° C and 150° C silica already loses a small 
proportion of its surface OH groups; continuous heating, however, 
does not result in a further decrease of the amount of OH groups. 

3. At 380°C and at higher temperatures continuous heating causes a 
continuous, though slow, decrease of the amount of surface OH groups. 


For practical purposes we suggest that heating at 120° C during 4 hours 
or longer in atmospheric air produces a silica with a surface completely 
covered with OH groups, on which no water is physically adsorbed. 


3. Comparison of varying drying methods 
This suggestion may be checked by comparing the drying at 120°C 
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with other methods of drying. Table V gives the results of treating 
various samples of silica as follows: 


a) drying at 120°C under atmospheric conditions: 

b) a pre-drying at 105°C (atm. conditions), followed by two hours at 
70-80° C in a vacuum of 10-4 mm of Hg; 

¢) a pre-drying at 105° C (atm. conditions), followed by 3 months over 
P,O, at 20° C. 


TABLE V 
TET eee 
a) 120°C, atm. b) 105° C; 10° 4 mm e) 105°C; in vacuo 

ee conditions of Hg, 70-80° C over P,O; 
Wis | Wi 6 Ws Ge 

Hi 4.4] 4.38 4.40 
2 3.69 3.73 3.86 
3 3.51 3.63 3.67 
4 3.62 3.57 3.60 
5 2.81 2.99 3.02 
6 2.78 — pee 
7 2.66 FTES 2.71 
8 2.18 2.32 OAT 
9 1.94 | _— 2.09 


The various samples were obtained by heating silica BF 120 at various 
temperatures during various times, in order to decrease the surface areas. 
After this heating all samples were treated with liquid water (see section 4) 
and submitted to the drying methods indicated above. Samples of various 
specific surface areas, therefore, could be compared. The pre-drying at 
105° C under atmospheric conditions leaves the samples with a small 
amount of physically adsorbed water. We suppose that all OH groups 
are still present at 105° C and that also the treatments b and c do not result 
in a loss of OH groups. In that case we may expect the samples thus 
treated to be just covered with a complete layer of OH groups, hence 
WoW oe 

Table V shows that treatments b and c result in W, values, which, 
allowing for experimental errors, are the same. The W, values of the 
120° C drying tend to be somewhat smaller and it may be that the exact 
drying temperature should be rather lower than 120°C. As we can see 
from Fig. 2, the dehydration curve is rather flat at these temperatures 
and we may say that drying at 120°C under atmospheric conditions 
will give, for most practical purposes, a fair value of Wo,; for more 
exact estimations drying methods 6 or ¢ are to be preferred. 


4. Loss of OH groups at higher temperatures and re-hydration 


When silica is heated at temperatures above 120° C, W, attains figures 
lower than W,,. An increasing number of OH groups are given off in 


4 Series B 
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the form of water, as is indicated, for example, in table VI (a) and 
curve a of Fig. 3. 


TABLE VI 
i 
BF 105 BF 710 BF 700, 72 hours in 
| | water, dried in air 
(a) : . (b) : | = . (c) ig he 
fC W, % t°C Wi% | 272 WwW, % 
150 4.95 155 1.5 | 125 | 3.6 
275 4.65 190 1.55 275 2.9 
380 4.0 260 1.45 400 2.4 
485 3.0 300 | 1.4 | 510 | 1.9 
550 2.2 320 1.4 
660 1.6 540 | 1.4 
725 1.35 690 1.3 | 
815 1.0 | | 
Wa S/o 
5 
ee ay © BF 105 
0. b) + BF 710; Wy=13 “Io 


ia c) e BF 700. soaked in water for 72 hours (20 °C) 


Time of heating 18 hours 


+ 
+———________4 
Ree ea + aay 


—= temp. °C 


200 300 400 


Fig. 3. Water content of unheated, heated, and heated and rehydrated silica, 
as a function of temperature. 


Simultaneously also the surface area of silica, as measured by the 
low-temperature adsorption of nitrogen (B.E.T. method), decreases. 
This decrease, however, is smaller by far than the loss of OH groups 


(see section 6). Heating at high temperatures, therefore, depletes the 
surface of its OH groups. 


ol 


When silica is heated to a high temperature and then brought to lower 
temperatures in normal atmospheric air, containing water vapour of 
pressures between 5 and 15 mm of Hg, no appreciable amount of OH 
groups is taken up again. Table VI (b) and curve 5 of Fig. 3 give the results 
of silica preheated to 710° C; from 690° C downwards to 105° C W, in- 
creases Only from 1.3 % to 1.55%. The dehydration of silica at high 
temperatures under atmospheric conditions is an irreversible phenomenon. 

However, a treatment with liquid water results in a complete re- 
hydration of the surface, hence in a restoration of surface OH groups. 
After BF 700 (W,=1.3 %) has been soaked in distilled water for 72 hours 
and subsequently dried at 125°C, it shows a W, figure of 3.6 Yo. his 
figure is appreciably lower than that of the original (virginal) BF 120, 
because the surface area of the silica is somewhat decreased by the 
heating at 700°C. The nature of the surface, moreover, is appreciably 
changed—we propose to discuss this question in a later article. The 
re-hydrated BF 700 sample (W,=3.6 %) may, however, be considered 
as having a surface which is completely covered with OH groups. The 
dehydration at higher temperatures of this re-hydrated sample is shown 
in table VI (c) and curve c of Fig. 3. 

The re-hydration by liquid water at a temperature of 20° C is a rela- 
tively slow process. As table VII shows, certainly more than 24 hours 
are required to obtain a complete re-hydration. Immersion in liquid 
water at 90° C for 24 hours results in a W, figure which is not increased 
by further treatment. Sample HoNi 745 is prepared by precipitation with 
NiSO,, according to Hotmss and ANDERSON ”) and then heated at 745° C. 


TABLE VII 
Sample Temp. " ‘Time Drying temp. Wes 
a) BE 735 20° C 1 hour 140° C 2.85 
20° C 23 hours 140° C Oe 
PAWN: 23 days 140° C 3.4 
b) HoNi 745 90° C 24 hours 122206 3.20 
90° C 7 hours 1 3.28 
90° C 22 hours 122°C 3.24 
ce) BF 830 20° © | 3 hours ee | aes 
90° C 3 hours 126° C 2.85 
\ 902C 16 hours 126° C 2.91 
after evacuation, 
/ lOmesnom or THe 2, his: 


With the object of ensuring an adequate contact with the liquid water, 
a sample of dehydrated BF 830 was evacuated at a pressure of 10-? mm 


2) H. N. Houmes and J. A. AnpERson, Ind. Eng. Chem. 17, 280 (1925). 
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during two hours before bringing it into contact with liquid water; it was 
subsequently heated with the water at 90°C for 16 hours. The result 
is shown in table VII. 

Using these and similar experiments as a basis, we suggest the following 
procedure for complete re-hydration of dehydrated silica: 


Put 2 to 3 grams of a sample of dehydrated silica in a 50 ml beaker 
and then fill it with distilled water. Cover with a watch-glass and 
heat on a steam bath for 4 to 6 hours. Then remove the hot water 
by decantation and place the sample in an oven, which has previ- 
ously been heated to 105°C. After 16 hours at that temperature 
perform the final drying either in a thermostat at 120° C (6 hours), 
or in an evacuated dessicator over P,O, (4 weeks). 


Remarks: a) This procedure is also applicable for the re-hydration 
of larger amounts. A porcelain dish may then be used, in such a way 
that the silica may be spread in a layer 1 to 2 ems thick. 

b) The ultimate drying at 120°C should always be done with small 
samples in an apparatus with a homogeneous and constant temperature. 
The temperature of the sample itself should be controlled. 

c) If the final drying is performed over P,O;, this should be renewed 
every week. 


Table VIII gives some figures of the specific surface areas of some 
silica samples after dehydration and after rehydration. The surface areas 
per gram of water-free SiO,, as measured by the low-temperature adsorp- 
tion of nitrogen (B.E.T. method) do not change. The samples 1-8 in 
table VIII are the same as the corresponding samples in table V. The 
specific volumes, as measured by mercury, are about the same; there is 
a slight tendency for the dehydrated samples to show a somewhat lower 
specific volume. 


TABLE VIII 
B.E.T. surface areas (S) and specific volumes in Hg (Vy,) of BF silica, in 
dehydrated (D) and rehydrated (R) conditions 


S m?/g SiO, Vag ml/g SiO, 
No. —— _—— 

D R D R 
1 512 500 1.33 1.335 
2 1.275 1.305 
3 i ae: 
4 1.26 1.26 
5 1.175 1.195 
6 1.15 1.175 
7 401 404 1.09 1.10 
8 344 344 0.955 0.98 
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It is only the nature of the surface which is affected by the re-hydration 
process; the geometrical structure of the grains are unaltered. It should 
be said, however, that this statement only holds for samples of silica 
prepared via their hydrogels, which have been dried in a normal way ). 


3) M. F. L. Jounson and H. E. J. Ries, J. Amer. Chem. Soc. 72, 4289 (1950). 


(To be continued ) 


CHEMISTRY 


THE CHEMISORPTION AND PHYSICAL ADSORPTION OF 
WATER ON SILICA. II 


BY 


J. H. DE BOER, M. E. A. HERMANS anv J. M. VLEESKENS 


(Communicated at the meeting of November 24, 1956) 


5. Adsorption-desorption isotherms of water on silica 


The capillaries in our BF samples are wide enough to give an appreci- 
able hysteresis in the adsorption-desorption isotherms of water vapour 
pressures, p/p,, higher than 0.5. The adsorption and desorption branches 
of the isotherms at p/p, values lower than 0.5, however, coincide for 
all silica samples which are well provided with OH groups. Fig. 4a gives 
the isotherm for BF 154, a sample which has only lost a very small 
percentage of its complete OH layer. 

Silica which is heated at high temperatures gives a quite different 
type of adsorption isotherm, as is shown in Fig. 4b by the curve for 
BF 740. The adsorption isotherm for water vapour has the character 
shown by hydrophobous adsorbents, as for example charcoal. In fact, 
silica, depleted of most of its OH groups, behaves as a hydrophobous 
substance with respect to water vapour. 

In the region of capillary condensation, however, water is taken up in 
liquid form in the capillaries. This liquid water, apparently, is capable 
of re-hydrating the surface, hence of restoring its OH groups and thus 
its hydrophylic character. The desorption branch, therefore, shows the 
adsorption values of the OH covered surface. 

The above explanation has already been given by ZHDANov ‘), and 
our investigations may serve as a complete confirmation of it. 

After re-hydration the adsorption branch behaves in a normal way 
and adsorption and desorption branches coincide again at lower p/P; 
values, a fact also found previously by Zhdanoy. As shown in Fig. 4c, 
a re-hydrated BF 890 behaves normally. 

At recent international congresses *®) it became clear that the hydro- 
phobous character of heated silica has been found independently by 
various investigators. ST6BER®) describes similar phenomena on the 


*) 8. P. Zapanov, Doklady Akad, Nauk 68, 99 (1949). 

°) S.J. Grae, communication at the International Congress on Chemisorption 
at Keele (Staffordshire, U.K.), 16-19 July, 1956; various U.S.A. investigators 
during discussions following a lecture by the first of the present authors at the 
International Congress on Catalysis, Philadelphia, Pa., U.S.A., 10-14 September, 
1956. 

°) W. Stéser, Kolloid Ztschr. 145, 17 (1956). 
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surface of quartz powders. In our investigations on silica we noted it in 
1952, and as complete knowledge of these phenomena is necessary in 
order to understand the behaviour of silica in our further work, which 
will be reported in subsequent articles, we thought it wise to publish our 
observations in this article. 

If, after the heating, the samples are placed in a stream of air saturated 
with water vapour, as Mitnigan and Racurorp’) did, for example, 
no effect of the hydrophobous character will be found. 

It should be stated that, as a result of our investigation, we can con- 
clude that the re-hydration by liquid water (either by immersion or taken 
up by capillary condensation) is completely independent of the pore 
structure of the silica. Samples having only such small pores that no 
hysteresis phenomena at higher p/p, values can be observed, definitely 
show the effect of hydrophobous adsorption and hydrophylic desorption 
branches. 


6. The adsorption of lauric acid and the specific surface areas 


The presence or absence of OH groups on the silica surface has a 
distinctive influence on the adsorption of other polar substances, such 
as lauric acid. The adsorption of this acid from pentane solutions is exten- 
sively used in this laboratory for the estimation of surface areas of alumina 


7) W. O. Mitiraan and H. H. Racurorp, J. Phys. Colloid Chem. 51, 333 (1947). 
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Fig. 5. Adsorption-isotherms (20° C) of lauric acid on silica from pentane solution. 
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Fig. 6. Relative B.E.T. surface area, lauric acid adsorption, and water content 
as a function of temperature. 
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samples 8). We therefore tested whether it could be used for the determina- 
tion of surface areas in the case of silica. 

Adsorption isotherms of lauric acid on BF 118 and on BF 700 are 
shown in Fig. 5. Both curves show a saturation character; the maximum 
amount of lauric acid adsorbed can be found if care is taken that the 
equilibrium concentration of the acid is 0.05 N or higher. 

Fig. 6 shows a) the surface areas, as measured by the low temperature 
adsorption of N, (B.E.T. method), denoted by Sy, b) the maximum 
amounts of lauric acid adsorbed, L,, and c) the water (OH groups) 
content, W,, of samples of silica, heated to various high temperatures. 
All three entities are expressed as fractions of the corresponding entities 
of BF 275. The figure shows that the decrease of L, is far stronger than 
the decrease of the surface area S,, but less severe than the decrease of 
W,-. Apparently the maximum amount of lauric acid adsorption is not 
only dependent on the surface area, but also on the nature of the adsorbent. 

The behaviour is also clearly shown when the lauric acid adsorption 
figures, L,, are plotted as a function of W, for dehydrated and re-hydrated 
samples, as is done in Fig. 7. As we have seen in section 4, the surface 
area, S,, does not alter by re-hydration; L,, however, shows an appreci- 
able increase. 

Other fatty acids, as foreexample butyric acid, show a similar behaviour. 


Tee at 
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Fig. 7. Effect of rehydration on laurie acid adsorption. 


8) G, M. M. Houpmn, Thesis Delft, 1951; J. M. H. Forrur, Thesis Delft, 1955. 
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They show apparently a selective adsorption on OH groups in this case. 
We hope to discuss this behaviour in a later article. The conclusion 
which we may draw now is that the adsorption of fatty acids from pentane 
solutions cannot be used for the determination of surface areas in the 
case of silica, unless certain percautions are taken, which we hope to 
publish in a subsequent article. 
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Summary of I and II 


The surface of silica, which has been in contact with water is normally 
covered with OH groups and with — physically adsorbed — water molecules. 
A study of various drying methods reveals that it is possible to remove 
all physically adsorbed water, but with a complete, or nearly complete, 
retention of all OH groups, which are chemically bound. A simple drying 
in air at 120°C is sufficient to obtain this state. 

Heating at higher temperatures results in a partially dehydrated state; 
the number of OH groups on the surface decreases with increasing temper- 
ature. It is found that the adsorption capacity for polar molecules, such 
as water or lauric acid decreases simultaneously. The surface shows a 
more “hydrophobous” character, the higher the temperature of dehy- 
dration is. 

The original “hydrophylic” character can be restored by a treatment 
with liquid water, preferably at 90°C for some hours. The adsorption 
capacity for polar substances is also restored by this treatment. The 
physical structure of the grains is not affected by this re-hydration 
process. 

(Laboratory of Chemical Technology, 


Technological University, Delft, 
The Netherlands) 


BIOCHEMISTRY 


BEHAVIOUR OF NERVE SECTIONS IN SALT SOLUTIONS AND 
IN A DC-FIELD. I 


BY 


G. W. H. M. VAN ALPHEN 


(Communicated by Prof. H. G. BUNGENBERG DE JONG at the meeting of Sept. 29, °56) 


INTRODUCTION 
During experiments with small sections of frog nerves the following 
phenomena were observed: 


I. In distilled water the section of nerve increases in volume; while 
localised thickenings —“‘bulbs’’— appear at both ends. 

II. In an electrical DC-field and certain medium conditions, e.g. distilled 
water, the nerve fibres leave the epineurium and are initially displaced 
towards the positive pole. 


In tap water, however, the rate of swelling is markedly decreased and 
no displacement occurs in the electrical field. Consideration of these 
findings leads us to ask a number of questions, two of which are, is the 
swelling of the nerve sections of an osmotic or electric nature, and how 
does bulb formation take place? What exactly happens in the electrical 
field? The inhibiting influence of tap water on I and II indicates that 
electrical factors are probably of more importance than osmotic ones. 
Cations will attach themselves to the negative groups of the phosphatide- 
protein colloid system of the nerve, increasing the mutual electrical 
attraction, decreasing the water content and decreasing the total negative 
charge i.e. decreasing the swelling and the displacement of the nerve 
fibres in the DC-field. It becomes rather obvious, therefore, to make a 
further study of the influence of cations more especially of the strongly 
polarising hydrogen-ion, and also of the influence of cane-sugar i.c.w. the 
osmotic behaviour. 

The adsorption of cations, however, strongly depends on the radius, 
valency and polarising ability of the ions. The influence of uni-, bi- and 
tri-valent cations of neutral salts was investigated. Luteocobaltchloride 
was chosen as the trivalent cation, abbreviated henceforth in this paper 
to—“‘luteo” —, since the simple trivalent cations (e.g. Ce, La) hydrolyse 
in this medium. The influence of the strongly polarising bivalent complex 
uranyl-ion was also investigated, because of its particular behaviour in 
phosphatide systems. 1) 


‘) For detailed information see H. G. BUNGENBERG DE JONG in Kruyt’s Colloid 
Science, chapter IX (Elsevier, Amsterdam, 1949) 
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Material : 


The nervus ischiadicus of Rana aesculenta was used in the investigation. 
The medulla was sectioned and all nerve tissue in the immediate vicinity 
was destroyed. The nervus ischiadicus was then exposed in the hind legs, 
four small sections of 3 mm each were removed. The phenomena mentioned 
above (part I and II) were studied. To obviate individual biological 
differences as far as possible, the average effect of a known salt concen- 
tration on at least four sections of nerve from different frogs of about 
the same weight was investigated. 


Fig. 1. Scheme of the nervus ischiadicus of 
Rana aesculenta. For figures see text (page 69). 


The effect of cations on nerve volume and bulb formation. 


The sections of nerve were placed in Petri-dishes and submerged in 
liquid paraffin. In this position they were projected by means of a Leitz 
projecting apparatus with a constant magnification of 20, and their 
contours sketched.1) The projection was done arbitrarily e.g. after 
2—6—-12—20-40 and 80 mins. In the lower salt concentrations the volume 
of the sections of nerve increases greatly, especially in the first few minutes. 
This necessitates the first projection being made while the section is still 
under the liquid paraffin, which also prevents dehydration of the specimen. 
An example of the projected contours may be seen in fig. 2. 

The area of the contour is a measure of the volume of the section of 
nerve at a certain time. The size of the area is determined planimetrically. 

Measuring the area gave only an approximately accurate measure of 
the volume, when there was no bulb formation. When this formation 
occurred the area as a measure of the volume was inadequate. No attempt 
to correct this error has been made as the ultimate aim was to determine 
the effect of different neutral salts, the same error occurring in all 
experiments. 

We thus arrive at a number of values So, Sg, Sy, etc. representing the 
area of the largest section of the nerve at the time, 0, 2, 10 etc. mins, the 


1) The author is greatly indebted to Prof. J. DANKMeIsER for the use of his 
projecting apparatus. 
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projection being made with the sections still in paraffin and in the salt 
solutions after 2, 10 ete. mins. 
- sa 
These S, values are expressed in percentages of Sy. 


Fig. 2. Projected contours of a section of nerve in paraffin (p) and in 1 m. aeq. NaCl 
after 15, 29 and 77 minutes. The disintegrated areas of the bulbs are indicated by 
broken lines. 


Fig. 3 shows the changes in area of nerve sections in different con- 
centrations of KCl (1000, 100, 10, 3, 1 and 0.1 m aeq.) as a function of 
time. From this figure it appears that the volume of a section of nerve in 
1000 m aeq. KCl practically does not change, and that in 100 m aeq. it 
increases slightly. In 10, 3, 1 and 0.1 m aeq. KCl the volume increases 
greatly in the first few minutes. The measurements are repeated three 
times, and thereafter the series of four measurements are averaged 
graphically. As an example two measurements in 1 m aeq. KCl: (first 
three columns table I), 

In the four lower KCl concentrations two new phenomena appear 
namely bulb formation, and disintegration. 

To express the bulb formation quantitatively their largest cross sections 
are determined planimetrically. 

When the total area of the largest cross-section of a nerve section at 
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time t, is §,, and the area of the cross-sections of both bulbs together is 
K,, then K, is expressed in percentages of §,. At the time t,, K, is expressed 
in percentages of S, etc. (viz. table I last four columns). These values give 
a quantitive impression of the size of the localized swellings in respect to 


300 j - 7 


projected nerve areas 


0 100 200 


time in min 
Fig. 3. Areas of projected nerve sections as function of time, at indicated KCl 
concentrations (in log. aeq. p.L.). Area in paraffin = 100 %. 


TABLE I 
Section I 
ee eee eee ee eee ee ————————EEEEe——————_——_—_————————E~== 
Time S, pe | Ki+K?=K, oy 
0) 1.00 | 100 
2 1.25 125 
8 152 152 0.23 Ooi 0.54 36 
18 1.79 179 0.45 0.31 0.76 42 
43 D3 212 0.80 0.62 1.42 67 
73 2.46 246 0.83 1602, 1.85 15 
Section II 
0) 1.50 100 
2 L772 114 
8 2.03 136 
19 DE 169 0.70 0.63 133 53 
42 Biel} 209 1.43 152 2.95 94. 
72 4.35 290 1.89 1.87 Rol 87 


the total volume of the nerve sections at different times. Here again an 
analogous argument holds as regards the error and its non-correction. 

The percentages are plotted in fig. 4 as a function of time, for the three 
lower KCl concentrations. As has been noted earlier in 1000 m aeq. KCl 
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no bulb formation occurs. From the figure it can be seen that bulb 
formation in 10 m aeq. KCl reaches a maximum, that this maximum 
reaches a higher level in 3 and in 1 m aeq. KCl, while in 0.1 m aeq. KCl 
the entire nerve section is rapidly changed into a whole string of bulbs. 


oX 100 


Ib-nerve ratio in 


time in min. 


bu 


Fig. 4. Percentual ratios of bulb-nerve-areas at indicated KCl concentrations in 
log. aeq. p. L. as function of time. 


The structure of the bulbs. When a section of nerve is covered by a cover- 
glass and slight pressure applied, the course of the nerve fibres through 
the epineurium is easily seen with the aid of an oil immersion lens. In the 
area of the bulbs one observes that the nerve fibres pass through them 
and fan out. At the periphery of the bulbs the structure of the nerve 
fibres is practically lost: the biocolloids of the fibre have disintegrated. 
The lower the concentration of KCl the larger is the disintegration zone, 
and the more severe the disintegration. 

The bulbs in 0.1 m aeq. KCl consist mainly of disintegrated biocolloids. 
Frozen sections, where the sections of nerve are frozen in their media, 
give a similar picture; this however, is never so clear as the preparations 
made under the cover-slips with applied pressure. 

The effect of different concentrations of NaCl, CaCl,, “luteo” and 
uranylnitrate on the volume and the bulb formation is also investigated, 
by means of the methods described above. These effects are quantitively 
graphically expressed, analogous to fig. 3 and 4, and thereafter averaged 
graphically. It appeared that the dispersion of the measurements increased 
greatly with decreasing salt concentration. With the formation of large 
bulbs in which disintegration occurs, the measurements of the cross- 
sections are difficult to reproduce. The measurements in the stage of late 
disintegration were therefore not carried out. The average effect of the 
different salt solutions is seen in fig. 5, where the percentual change of 
the greatest cross-section is plotted as a function of the logarithm of the 
salt concentration after 60 mins. Shorter or longer periods in principle 
give the same results. It appears that, in 1000 m aeq. neutral salt, a slight 
volume decrease occurs; and in 100 m aeq. there is a slight volume increase. 
In salt concentrations lower than 100 m aeq., the volume greatly increases. 
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It is seen from the figure that a definite difference exists between the 
influence of K, Ca and uranyl. Na acts somewhat more strongly than K. 
The influence of luteo in lower concentrations lies between Ca and uranyl 
but in higher concentrations it acts even more strongly than K. This is 
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Fig. 5. The influence of cations on the volume of nerve sections: projected nerve 
areas are a measure for nerve volume. 


probably an indication of reversal of charge of the nerve colloids (compare 
the influence of pH). Thus, in lower concentrations K <Na<(Ca<luteo < 
<uranyl. This clearly illustrates that osmotic effects of the neutral salts 
can be present but are of secondary importance : the salt concentrations are 
expressed in aequivalents per Litre which means, that all investigated 
salts have a smaller osmotic pressure than KCl and NaCl, and yet they 
exercise a stronger effect. 
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Fig. 6. The influence of cations on bulb-volume: the bulb-nerve ratio is a measure 
for bulb-volume. 
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The influence of neutral salts on the formation of bulbs is shown in 


fig. 6. The higher the valency of the cation, the more strongly is bulb 


formation inhibited. Uranyl acts at least as strongly as luteo. 
Furthermore the smallest concentration of salt in which bulb formation 
occurs is shown schematically in fig. 7. We see here also the same series 


as above. 
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Fig. 7. First appearance of bulb-formation is indicated by an arrow. Small bulbs 
are indicated by small arrows. 
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Fig. 8. First appearance of disintegration is indicated by a + sign. 


Finally the salt concentration in which biocolloid disintegration occurs 
was investigated. It appeared that only very slight disintegration, or none 
at all occurs in concentrations of 3 m aeq. per litre, or higher: and with 
regard to the concentrations in which disintegration occurs the salts are 
effective in the same order as given above. This is schematised in fig. 8 
where disintegration is indicated by a + sign, and its absence by a — sign. 


(To be continued ) 


BIOCHEMISTRY 


BEHAVIOUR OF NERVE SECTIONS IN SALT SOLUTIONS AND 
IN A DC-FIELD. II 


BY 


G. W. H. M. VAN ALPHEN 


(Communicated by Prof. H. G. BUNGENBERG DE JONG at the meeting of Sept. 29, ’56) 


Behaviour in the electric field 


The apparatus consisted of two platinum wires fixed in a small block 
of ebonite, which could be attached to the objective of a microscope by 
means of a clamp. The ends of the wire were bent at a right angle, and 
were 16 millimeters apart. The opposite ends were in contact with a D.C. 
battery, via a commutator and a potentiometer. The section of nerve to 
be examined was placed on an object-glass and covered by a large drop 
of salt solution which establishes a contact between both platinum poles. 
If the current is turned on, then in a sufficiently strong field (+ 100 V 
per 16 mm) and a weak salt solution (e.g. 1 m aeq. NaCl) one can observe 
the following phenomena with the aid of a microscope: fig. 9. 

A quantity of fluid passes from the nerve to the positive pole (a). At 
almost the same time the nerve fibres are displaced towards the positive 
pole and are thus partially pulled out of the nerve sheath (b). The peripheral 
nerve fibres are curled (c). Stage d is rapidly reached where all nerve 
fibres are bent while the original epineurium is diminished in length as 
result of the rupture caused by the curling fibres. Finally the stages e 
and f are reached, where the nerve fibres have been completely displaced 
from the epineurium. The latter two stages are only possible in a strong 
field (+ 200 V per 16 mm) and a very weak salt solution. Should one 
reverse the current by means of the commutator one sees in stages b and ¢, 
and in principle also in stage d, the nerve fibres being displaced from the 
opposite end of the nerve, while the nerve fibres on the original positive 
side reunite and almost completely regain the epineurium. Should the 
current be again reversed the process is repeated in the opposite direction. 

From an electrical viewpoint it is difficult to understand why the nerve 
fibres after leaving the nerve sheath, should fan out, turn up and move 
on in the direction of the negative pole. Perhaps mechanical factors are 
important. Though the nerve fibres possess a certain degree of free 
movement, this is limited by the connective tissue which forms a fine 
network around and between the nerve fibres, (peri- and endo-neurium) 
and is connected with the nerve sheath. A simple diagram of forces, 
comprising an electrical force — (in the direction of the positive pole) — and 
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a “connective tissue force’’—(perpendicular to the epineurium)— _ ill- 
ustrates the tendency of the nerve fibres to curl. More evidence of the 
importance of the connective tissue is supported experimentally by the 
displacement speed in different field strengths (see below). Mechanical 
factors alone, however, do not sufficiently explain the curling phenomena, 


and more experimental work is necessary. 


Fig. 9. Nerve sections in an electrical DC-field. Positive pole at the right. Speed 
measurements only in stage b and ec. 


Since the initial displacement of the nerve fibres towards the positive 
pole is apparently due to an excess of negative groups in the colloid system, 
cations will diminish the efiect. This is determined quantitatively. 

Technic of measurement. 'To obtain reproducalbe results the sections 
of nerve are submerged for a uniform time, namely 10 min, in the salt 
solution examined. This period is chosen, because in weak salt solutions 
the bulb formation, and especially the disintegration increase greatly if 
the time is prolonged. Then the nerve with a small quantity of the salt 
solution is placed on an object-glass, and the speed of the displacement of 
the nerve fibres determined as follows. The time taken for the nerve 
fibres to be displaced five intervals of an ocular micrometer, with an 
ocular magnification of 10 and an objective magnification of 10, is measured 
by stopwatch. In this small trajectory the nerve fibres fan out only very 
slightly so that this does not affect the accuracy. Now the current is 
reversed, and the time is measured at the opposite end of the nerve 
section. This is repeated several times. Reciprocal values of these times 
are a measure of the speed of the nerve fibres. This speed is averaged and 
expressed in arbitrary units. An example is seen in the following table of 
measurements of four sections of nerve in 3 m aeq. CaCl. 
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TABLE II 
Nerve fibre speeds in 3 m aeq. CaCl, 


Nerve section 


SO 
1 2 3 


4 
t | 1000/t || +t | 1000/t t | 1000/t t | 1000/t 
5.0 200 8.2 122 7.0 143 5.2 192 
4.6 217 7.0 143 5.5 182 6.8 147 
5.4 185 7.8 128 6.4 156 4.4 227 
5.8 172 6.0 167 6.2 161 7.4 135 
6.8 147 6.0 16h V4) 7.0 143 6.8 147 
| | 6.6 152 7.4 135 

av. 184 || 145 156 | 164 || tot. av. 162 


The number of measurements made on one section of nerve depended 
on the salt concentration and amounted to a maximum of six. In low and 
high salt concentrations only 2-4 measurements were possible due 
respectively to disintegration, or formation of gas at the electrodes. 

All measurements were taken in a field of a 100 Volts and an electrode 
distance of 16 mm. Under these conditions the section of nerve remains 
stationary on the object-glass. In stronger fields the nerve frequently 
shifts towards the anode. In weaker fields the speed of displacement of — 
the nerve fibres especially in higher salt concentrations is too low. The 
potential of 100 Volt is thus chosen as the most suitable and is constantly 
used. One would expect the relation between field and speed of displacement 
to be linear; but this is not so. In stronger fields the speed increases 
relatively more than would correspond with a linear relationship. This 
may be explained by mechanical factors—the ‘“connective-tissue forces” 
already mentioned—and viscosity factors. These factors obstruct the 
electrical attraction of the positive pole, and this yield value is more 
easily overcome by a stronger attraction (stronger field). 

Measurements of the electrophoretic speed of the disintegrated mass, 
on the boundary of the colloid system-medium, then display a linear 
relationship, as mechanical- and viscosity-factors are absent. This implies 
that the displacement speed of disintegrated nerves is to be determined 
only by measurements made on the boundary between the disintegrated- 
and the non-disintegrated areas. The values are mainly of the same order 
as the water values. 


The influence of the thickness and topography of the nerve section 


With nerve sections at five different places, 1-5 (see fig. 1) the speed 
of the nerve fibres was determined in a solution of 4 m aeq. NaCl. These 
measurements were repeated 4 times. There appeared to be no significant 
difference in the averages obtained. A similar series of measurements in a 
solution of 3 m aeq. CaCl, also showed no significant differences. 
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The differences between the sections 2 and 3, in both NaCl and CaCl, 
solutions, approached the limits of significance (5 % limit). 
As section 3 was much thicker than the others, some influence due to 
‘the thickness of the nerve is very much suggested. It appeared safer 
therefore to carry out all measurements on sections of nerve, approximately 
the same in thickness and obtained from the n. ischiadicus of the upper 
leg (between 4 and 5). 


The influence of cations on the displacement speed was more closely 
examined. Firstly the effect of Na-, Ca-, luteo- and uranyl-ions was 
investigated. These effects are graphically shown in fig. 10, where the 


nerve Fibre speed 


concentration in log.aeq. p.L. 


Fig. 10. Influence of cations on nerve fibre speed in an electrical DOC-field. 
Ordinate: nerve fibre speed in arbitrary units. W = water values. 


displacement speed is given in arbitrary units as a function of the logarithm 
of the salt concentration in equivalents per litre. The dots in the graph 
represent average values found in measurements of 4 sections of nerve 
from 4 different frogs. The figure shows the effect of the valency of the 
cation; the bivalent uranyl-ion again acting more strongly than the 
trivalent luteo. A second series of measurements shows the effects of the 


71 


univalent cations Li, Na, and K, where the ion radius increases in the 
same order. These averages are more accurate then the first series, for 
every average is dependent upon the results obtained in eight different 
sections of nerve, which were removed from different frogs. The effect 
of Li and Na is practically identical, and probably slightly stronger than 
that of K. A third series of measurements includes the bivalent cations 
Mg, Ca, Sr, and Ba. The averages here are also the result of eight separate 
series of measurements. Their effect is more or less the same, Mg and Ca 
being perhaps slightly stronger than Sr and Ba. In comparison with the 
univalent cations, the bivalent cations will act in greatly diminished salt 
concentrations. With no cations present a reversed effect is obtained. The 
influence of the cations on the electrokinetic effect can be expressed as 
follows: K<Na, Li< Ba, Sr<Ca, Mg <luteo < uranyl. 


The influence of changes in pH 

With different concentrations of HCl the degree of acidity is varied 
and the pH measured by means of a glass electrode. 1!) As an excess of 
HCl was added a buffer solution seemed unnecessary. The influence of 
HCl on the volume and bulb formation, is given graphically in fig. 11, as 
a function of the degree of acidity after periods of 20, 60 and 120 minutes. 
The curves show a marked fall at a pH of + 2.8. At this pH-value both 
the total volume and the bulb volume pass a minimum. The influence of 
the degree of acidity on the electrokinetic effect was then investigated. 

It appeared that with the increase of HCl concentration the effect 
decreased —it was absent in a concentration of 1 m aeq.—and at a con- 
centration of + 10 m aeq. the electrokinetic effect changed in direction. 
The nerve fibres were displaced towards the negative electrode, so that 
the positive groups in the colloid system were apparently in the majority. 
The effect was very slight in the usual field of 100 Volt, and was even 
absent in some experiments. In a field of 200 Volt per 16 mm the effect 
was stronger, but within a few seconds discrimination became impossible 
due to a marked formation of gas at the electrodes. By interpolation of 
the displacement speed it appeared that the colloid system has no charge 
between a Ph of 2.5 and 3.0, i.e. in the same trajectory in which total volume 
and bulb volume passed a minimum. 


Influence of cane-sugar. As 0.6 % NaCl is an isotonic concentration for 
frog erythrocytes i.e. + 0.1 mol NaCl, the isotonic concentration for 
cane-sugar rises to + 0.2 mol. Up to this concentration swelling and bulb 
formation of the nerve section occurs while the electrokinetic effect equals 
the water-value. In higher concentrations of cane-sugar (1 mol) the 
nerve section decreases slightly in volume initially and takes the form 
of an hourglass. This form is also often seen in higher concentrations of 
neutral salts. Apparently the epineurium has semi-permeable properties 


1) My thanks are due here to Dr. J. A. Conen for these measurements. 
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and prior to any sugar penetrating the open ends of the nerve, water has 
left its center. The electrokinetic effect is greatly diminished, and this is 
not sufficiently explained by the increased viscosity (computed according 
to Ernstrern: 1.57) but since impure trade sugar was used, there may 
have been CaCl, present. 
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projected nerve areas in Zo 
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bulb-nerve ratio in 
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pH 
Fig. 11. Influence of pH on nerve section-volume and bulb-volume after 20, 60 
and 120 minutes (curves a, b and ce resp.) and the influence of pH on the electro- 
kenetic effect. The curves pass a minimum at a pH = + 2.8 ie. in the point of 
reversal of charge (R). 


On comparison with the nerve fibre speed in CaCl,, a 0.2 & contamination 
by this salt may give rise to low values. 

The speed of the nerve fibres in different concentrations of NaCl and 
CaCl,, is hardly affected by addition of 0.2 mol cane-sugar. The same 
holds true for the addition of cane-sugar to nerve sections in different 
concentrations of HCl; moreover the electrokinetic effect changes in 
direction also at a pH value of + 2.0. 

From the foregoing it was clear that osmotic factors take no essential 
part either in the swelling or in the bulb formation phenomena, pag. 65. 
The behaviour in solutions of cane-sugar confirms this, although the 
epineurium probably does possess semi-permeable properties. 


18) 
Discussion and summary 


The behaviour of nerve sections in salt solutions of different concentra- 
tions, and in an electrical field may be understood most readily by con- 
sidering the section of nerve as an open tube filled by a colloid system. 
When the colloid swells, the epineurium is stretched until a certain limit 
is reached. Thereafter more swelling is only possible when the colloid mass 
escapes from the open ends of the tube. The nerve fibres which, after they 
have left the epineurium may swell freely, fan out and form a bulb, their 
structure being retained. 

In salt solutions of low concentrations, however, the structure tends to 
disappear, small droplets are formed: the bulb disintegrates, 

From the experiments it became clear that swelling of nerve sections 
in a given medium is due to electrical factors, while osmotic factors play 
no essential part. In the negative phosphatide protein system of the 
nerve the rate of swelling is determined by the ion-concentration of the 
medium, and increasing volume, bulb formation and disintegration are 
only certain phases of the swelling process. In the terminal phase of 
swelling, i.e. disintegration, the mutual electrical attraction of the colloid- 
particles becomes so small—due to the ion-poverty of the medium —that 
the colloids “dissolve”. The expected inhibiting influence of cations on 
the swelling, became apparent in the following series: K and Na<Ca< 
<luteo<uranyl; i.e. in a series which holds for a phosphatide system. 
In agreement with the point of view just described, the same series was 
found in all three phases of swelling. 

In an electrical DC-field the nerve fibres leave the epineurium and 
move at first towards the positive pole. The speed of the nerve fibres, 
however, depends upon the ion-concentration of the medium, and is 
strongly decreased by cations: adsorption to the negative groups of the 
biocolloids results in decrease of the total negative charge. Here again 
cations follow the phosphatide-series, in decreasing the nerve fibre speed: 
K<Na, Li< Ba, Sr<Mg, Ca<luteo<uranyl. 

Apart from the initial displacement of the nerve fibres towards the 
positive pole, the total behaviour of nerve sections in the electrical field 
is rather complicated. It is difficult to explain why the nerve fibres, after 
a while, move in the direction of the negative pole. From the experiments 
it could be concluded that next to electrophoretic and electroendosmotic 
factors, mechanical forces may be of important significance, but for an 
ultimate explanation more experimental work is necessary. 

The keystone of the whole is formed by the influence of the pH. The 
hydrogen-ion causes a sharp minimum in the swelling curve at a pH of 
+ 2.8 and by interpolation of the nerve fibre speeds in the electrical field, 
the point of reversal of charge appears to fall at the same pH value. At 
this value the mutual electrical attraction is a maximum, water content 
(and swelling) a minimum and total charge zero. For the rest this pH-value 
agrees with the reversal of charge of natural phosphatides. In suitable 
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concentrations for the electrokinetic experiments the hydrogen-ion only 
was able to reverse the charge of the nerve biocolloids. In these con- 
centrations, however, the polarising abilities of the other cations in- 
vestigated were apparently too small. 


Acknowledgements 


The author wishes to thank Prof. Dr. H. G. BUNGENBERG DE JONG, 
Dr. H. L. Booy, Dr. W. A. L. Dexxer, Dr. J. M. D. Meyer for valuable 
discussion and their unstinted help with materials and apparature. 


Lab. of histology and Med. Chemistry 
University of Leiden, Holland. 


ASTRONOMY 


THE BASIC SCHEME OF ANY PLANETARY OR 
SATELLITE SYSTEM 


BY 


H. P. BERLAGE 


(Communicated at the meeting of December 29, 1956) 


The structure of a gaseous disk revolving round a central body of 
preponderant mass is, as was shown in [1], determined by the equation 
a eee 

(1) 0-0, exp| 2RT 7? 
In this equation M is the mass of the central body, y the constant of 
gravitation, R the gas constant, 7’ the absolute temperature of the gas, @ the 
density of the gas in a point at a distance r from the axis of rotation and at a 
distance h above or below the equatorial plane of the disk, e, the density of 
the gas in the equatorial plane at the same distance r from the centre. 
As was shown in [2] viscosity causes the nebula surrounding a primary 
celestial body, when this nebula has assumed the “quasi” steady state 
of motion preceding its transformation into a set of concentric rings, to 
be shaped according to the equation 
(2) Ge= 0) exp [—ar"'] 
In this equation g, is the density of the gas at the centre of the disk, in 
fact in the immediate neighbourhood of the primary, and a a quantity 
defining the exponential decrease of g, with increasing r. The two constants 


0, and a determine the structure of the disk completely. 
When the equations (1) and (2) are combined, we obtain 


1/5 yM h? 
(3) ee os 


an equation which shows us that a gaseous disk before giving birth to a 
planetary or satellite system has a toruslike form [3]. 
One important point should, however, be mentioned here. The above 


deductions require the validity of the relation 
(4) RT = constant 


This condition is equivalent with the condition 
aE 
— = constant 

(5) . 


when p represents the mean molecular weight of the gas. 
Now, (5) is a practical compromise between the easiest possible mathe- 
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matical handling of the problem and the information gained from the 
composition of the planets that the mean molecular weight of the gas 
constituting the disk which gave birth to the solar system, may well have 
decreased with increasing distance from the sun in roughly the same 
manner as the temperature of the gas did. In the cases of the satellite 
systems this question does not arise, because they are so small that 7 
and yu were both likely to be constant throughout the disks that generated 
these systems. The probability that the nebulous matter was partly 
gaseous and partly corpuscular in the case of the evolution of the planetary 
system and even mainly corpuscular in the case of each satellite system 
will be touched at a later stage of the discussion, when the present theory 
will have proved its applicability in a very general sense. 

The total mass m of a rotating disk, its total angular momentum 8, its 
total kinetic energy U and its total potential energy V are, in first approxi- 
mation [4], 


¢ 2 BT "Ys a 5 pee | 
1 (22) /s (oa) 0o f r/te ar dr 
0 


9=(221)"" (RT)"" o9 f r9 6-8" dr 
0 
U= 4(22)'*(y MRT)": Oy f rt e-ar's dr 
0 
V= —(222)"* (yMRT)"* 09 f 7° e- 0" dr 
0 


These equations are easily transformed into 


(7) m= 2ko, 6! a~? 
(8) 6=2k(yM)"*0, 7! a 
(9) U=kyMo, 4! a> 
(10) V = —2kyMo, 4! a 
when 


k= (22) (=)" 


Now we know from [3] and [4] that, if 9, is varied from (2) to 


(11) Get Ae. = 9 (1+ ¢) exp [- (a+ p) r°*+ & cos (pin) ] 


with p<l, p<a, e<1, that is when an infinitesimal undulation is super- 
imposed upon the original monotonous exponential decrease of e, with r, 
the disk will show a tendency to proceed in this direction of evolution, 
when certain conditions are satisfied. These conditions are, of course, in 
the first place 


Am = 0 Z 
(12) Ad = 0 
A(U+V) =0 


ad 


Meanwhile the disk evidently unfolds itself into a set of concentric rings. 
However, since the relation 


(13) 2U=—V 


remains always valid in first approximation, the last of equations (12) 
breaks up into 

(14) AV=0, AU=0 

in first approximation. Consequently, the dissipation of energy accompa- 
nying natural processes of this kind, requires that, during the disk’s 
transformation 

(15) AV<0, AU>0 


in second approximation. 
The three first order equations (12) become 


| frit e-ar!s \p—prs+ € COS (p In =) dr=0 


0 ™ 


is 3 ,—-ar/s Th. /, ; ua “2 
(16) a € lo prat e cos (pn 7) | dr 0 
- ; aris 1/5 r ae 
oe (p—prhte cos (pIn~)}dr—o 
or 
ra pls ena dr— {3 ena dr+e rls enars cos Y In & dr = 0 
Ps 7 0 Tm 
(17) of 3 ena dr—y free- drt+e f r3 e-arls cos (p In“) dr =) 
0 0 0 ‘m 


oo 1 co 1 eos rey 
ae phew dr—y fr ew dr+e frie ar’! cos (p In )dr=0 


The central density gy, an inessential factor of proportionality, has dropped 
out of these formulae ; a is the only remaining factor specifying an individual 
case. 


When 
log I’ (x+ty)=U+iV 
let us write 
log I’ (x,+21p)=U;+iV;, 
log I’ (x, + 21p) = U,+1V, 
log I’ (4, + 20p)=U,+iV, 


Then 
ee cos (V;—4 pIna?r,,) = on —¢ 6! 
9! 
(18) e e% cos (V,—4 pna?r,,)= =— —9 8! 
10! 
ee cos (V,;—}4 p In a?r,,) = ~— — 9! 


a 
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Elimination of g and y from these three equations yields 


504 e% cos (_V;—4 p In a?r,,) — 27 e% cos (V;,—4 pn a?r,,) + 
(19) +2 6% (V,—4 pln agr,) =0. 


With the aid of a table of the gamma function for complex arguments 
(for instance U.S. National Bureau of Standards, AMS 34, 1954) equation 
(19) can be solved and p found in function of r,.. 

The root r,, is multiple, since, when 7, is a root, the equation 


(20) In r,,=1In 19 + 2nz 


is satisfied for every n. Equation (20) represents the geometric series which 
is obeyed by all planetary and satellite distances in each system. 

Fig. 1 represents in nomogrammatic form the solution of (19). The one 
set of curves is the locus of density maxima, the alternate set the locus of 
density minima. The first set provides the basic scheme for any planetary 
and satellite system. 

If r,, is the distance from the centre where condensation is initiated 
in a disk, characterized by a, then because a?r, is given a horizontal line 
In a*r,, can be drawn. If it cuts one of the density maximum curves in a 
point P, then a vertical through P cuts the other density maximum 
curves in a series of points representing the distances of the secondaries from 
the centre in a mechanically possible system. 

If, on the other hand, 7,, is the distance from the centre where rare- 
faction is initiated and a horizontal line In a?r,, cuts one of the density 
minimum curves in a point @, then the vertical through Q cuts the density 
maximum curves in a series of points which will also represent the distance 
of the secondaries from the centre in a mechanically possible system. 

Now, the promising results to be described below, confirm what may 
be considered as a logical a priori inference, namely that the above men- 
tioned first tendency towards condensation does not occur at random 
distance from the centre. The initial natural variation of the original 
radial distribution of the equatorial density evidently is an undulation 
of the kind that produces only one secondary body. This undulation may 
be succeeded by an undulation that would lead to a system of, perhaps, 
only two secondaries. The latter kind of undulation may also occur 
spontaneously. These initial developments apparently lead the way to 
further possibilities including systems consisting of an increasingly greater 
number of members. 

The nomogram is probably to be handled in the following manner. As 
was first shown in [5] it follows from (7) and (8) that, if only one satellite 
should be formed it would circulate at a distance r, from the primary 
given by 

ar, = 49 
or by 


(21) In a*r,, = 3,89 


Nomog i posit nets and satell mecha 
syste ms. 
Moon (se Mars ( os, De=Deimos). Planets ( ur 
nus, Ha Ma= anetoids, Ju=J er, urn. 
us, Ne upiter ( u=Europa, Ga=Ganym 
VI, VII x regular 8). Uranus (Mi nda, Ar=Ar 
m il, ie (Ole tur (C, B, A gs, im. 
dus, Di=Di Rhea, Ti=Tita: (Bh 
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We have also learned from [5] that the evolution of such a one-satellite 
system cannot succeed when the satellite’s mass is very small relative 
to the primary’s mass. Nevertheless, a tendency towards condensation 
of the gas at this distance may well be assumed to exist from the very 
start. It is probably identical with the tendency towards a one-ring for- 
mation which Von WerIzSAcKER [6] and R. List [7] found to exist in a 
certain stage of the process which threatens the nebula with total dissipa- 
tion. Hence, a horizontal line at the 3,89—level of In a?r,, is a functional 
axis through the graph. 

When we enter the nomogram from the left side along this axis the 
first possibility for the generation of a system of secondaries does not occur 
before we arrive at the ordinate p=5,9. This possibility is realized almost 
exactly in the system of Mars. 

The next possibility which we meet further towards the right, is realized 
in the planetary system, at least in the series of the giant planets. The 
average value of p empirically found for the planetary system as a whole 
was p=10,86 [8]. The planetary system was therefore placed in the 
nomogram along this ordinate, the other characteristic quantity, a, having 
been assumed to amount to 


(22) a,, = 6,0 x 10-7 em—* 


The nomogram gives, however, strong indications that the planetary 
system is to be viewed in two different ways. From Jupiter outward it is 
the possibility p= 10,1 which is realized, from Jupiter inward it is the next 
possibility, or p= 12,55. In the figure the position of the terrestrial planets 
is derived from the position which Jupiter, the planet who was probably 
the first to be formed, actually occupies, but this is a minor point in the 
discussion. 

It seems as if we have discovered here the very simple reason why 
several authors, amongst whom J. O. Scumipt [9] and the present writer 
[4], who both made certain numerical propositions, felt induced originally 
to distinguish two successive phases in the development of the planetary 
system, the phase of the giant planets and the phase of the terrestrial 
planets. On close examination it is for the same reason that Trrrus and 
Bove were obliged to add a constant term to the geometric series repre- 
senting the distances of the planets from the sun, a constant term which 
is only significant in the case of the terrestrial planets. V ery probably 
the distinct separation between the four terrestrial and the four giant 
planets is owing to the fact that the constitution of the disk generating 
the planetary system was markedly different in its central and its peri- 
pheral portions. In its central portions the disk has probably been composed 
mainly of dust, in its peripheral portions composed mainly of gas. 

The mechanical possibility adopted by the terrestrial planets leads us 
also to the satellite system of Jupiter with p—12,55. It can be analyzed 
from the present cosmogonic point of view more accurately than was 
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hitherto tried by the author. In Jupiter’s system all but the four big 
satellites may be neglected as regards mass and momentum. Consequently, 
if m1, Ms, ms and m, are the masses of the Galileian satellites and Tee 
rz and r, their distances from the centre of Jupiter’s system then their 
generation from one rotating gaseous disk, characterized by a and Oe 
yields the two equations 


M,+M,+mM,+mM,=2 ko, 6!aq7 
3 4 Qo 


(23 : 1 i 1 
) M, 7/2 + Mg rt + Mg 142+ Mm, Tt =2 ko, 7! a78 

Since m= 7,26X10%9 andr,= 4,20 10!° cm 
M= 4,74 x 10% r5= 6,67 X 1010 
m3 = 15,60 1025 rs = 10,65 x 101 
m= 9,72 x 10% r,= 18,7Xx 101 

we obtain 

(24) a,=2,210°> cm-: 

and 

azr, = 50,6 
or 
(25) In a?r,= 3,93 


corresponding with the most massive of the Jovian satellites, Ganymedes. 
Characteristically, the value (25) differs only very slightly from the theore- 
tical value 3,89 (21) which is satisfied in the case of only one satellite. 

The next possibility further towards the rigth, with p= 14,55, is realized 
in the satellite system of Uranus. The masses of the four big satellites of 
Uranus are less well known than the masses of the four Jovian ones. 
Since, however, the third of the four satellites, Titania, certainly is the 
most massive one, in agreement with the Jovian case, there is no doubt 
about the position of the Uranus satellites in the vertical, and consequently 
no doubt about the position of the planet’s equator in the vertical. We 
may conclude that 
(26) 0,= 3,4 %10-* em~ 

The five following mechanically possible types of satellite system are 
not realized in the solar system, but the next one, with p= 23,05, is realized 
in Saturn’s system. This system was accurately analyzed by the present 
writer from the cosmogonic point of view [8]. It was shown that almost 
certainly 5 ‘‘virtual’ satellites were assembled in Titan, and again 3 
‘virtual’ satellites in Japetus. In this case the value of a, already found 
empirically, was 
(27) a,=1,3x10-> em-* 


This value of a@ was used when determining the position of Saturn’s 
satellites in the vertical. 
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Still further to the right in the nomogram we move into a region where 
condensation simply leads to systems of still more and more numerous 
members, say planetesimals. We would, however, commit an error when 
assuming that such systems are very likely to occur. Experience proves 
directly that systems of very numerous satellites are not most frequent 
and the author pointed out the theoretical reason why [5]. Probably 
the greatest frequency of systems is to be expected within a certain range 
of p-values making AU and AV in second approximation largest in the 
act of condensation. This does not happen on the right side of the scheme 
were the energy variations in the process of condensation approach the 
zero value asymptotically, nor does it happen on the left side of the scheme, 
where we started our review in a region where condensation in separate 
bodies is even prohibited. These considerations are apt to confirm a 
previous conclusion [5]. Nature apparently prefers systems with four 
outstanding satellites, the other ones being negligibly small. Jupiter, 
Uranus and the planetary system itself reveal this preference. 

The question what precise values are assumed by AU and AV in second 
approximation, following a variation of o, to g,+4e, is an extremely 
delicate one, as all calculations of second order approximations are, and 
the author is inclined to leave this an open question here, because no 
numerically precise answer is required to treat our problem in the present 
form. Nor is a calculation required—and for reasons of simplicity better 
omitted here—with the aid of equations (18) of the factors g and win 
their relation to the ‘‘amplitude” ¢ of an undulation. 

Let us enter the scheme again from the left side and follow up now the 
case of only two satellites in more detail. It confronts us with the equations 

m (1+a)=2ko, 6!a~? 
(28) e (rf +oa rit)=2k 0, T!a-® 
m (—+<) =2ko,4!a5 
when m and «m are the masses of the inner and the outer satellite respec- 
tively. Hence 


‘lte a 
eu rare ~ 7 
and 
30 ie tes 

1 a a 
ie rt Ty 
Anticipating « < 1 

a*r, = 30 


very nearly, or 
(31) In a*r, =$,38 


This value fixes the position of the inner one of the two satellites in our 
scheme. 


83 


From [3] we know that the ratio « is very nearly approximated by 


0 <= (2) [-0{(2)"-1]] 


while 
33 s\n 
(33) a (=) = 60 
From (32) and (33) we learn that 
Ty Tan ee! 
(34) 7 = 6,86, In =1,93 and a= 5, 


It is extremely interesting and valuable to be able to compute a first 
approximation of the natural ratio of the masses of a two-satellite system 
in the simplest and first possible case of any satellite system. Its place in 
the scheme is indicated, the two satellites being nominated I and II. 
To the left of the vertical through this system there may be tendencies 
towards condensation, but no final concentrations are mechanically 
possible within the range of p-values between 0 and 3,25. 

This conclusion throws new light on the eventual formation of a planet 
with only one satellite, such as the system Earth-Moon. Part of the material 
of the disk from which such a system is generated, may accumulate very 
close to the planet. If it does accumulate within Roche’s limit, the forma- 
tion of an inner satellite would already be precluded. It may also mean 
the actual fall of the geater part of the material of the disk on the very 
surface of the planet, accompanied by the formation of one satellite at a 
distance of 6,86 times the radius of the primary. 

A process of this kind might have occurred in the case of the Earth. 
It would, however, signify that the total mass of the Earth’s disk has 
amounted to the 1/8,7th part of the Earth’s mass itself, too large a part 
to be reasonable. Hence, the formation of our Moon in the way which was 
open to her just because she is so massive [5] appears the more probable 
evolutionary process. If this is true, one solution is a position of the 
terrestrial system in the vertical p=0,75 with our solitary Moon at the 
place of the black dot. The alternate solution is that the Harth-Moon 
system is a degenerated “‘threshold”’ satellite system. In [10] it was sup- 
posed that the Earth once possesed two satellites, our Moon and an outer 
satellite of only one tenth of the lunar mass, whose fate was to be thrown 
down on the Earth by the Moon in the course of her outward motion. It is 
an interesting discovery that the “threshold” case presents exactly the 
initial structure which would have allowed the terrestrial system to 
proceed along the assumed path. It was further assumed that the structure 
of the original terrestrial system was similar in its relative dimensions to 
the Martian system. This, however, appears less probable now. 

The ultimate placing of the terrestrial system, according to the first 
or the second solution given here, will have to remain undecided, until 
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we will have been able to conclude whether a second satellite of the Earth 
has ever existed or not. 

We learn from the position of the “threshold” satellite system in the 
scheme, along p= 3,25, that the fact that it contains only two members 
should be taken “cum grano salis”. Besides the two satellites which have 
been numbered I and II, inner and outer satellites are not excluded in 
theory, but in practically all cases there will be no room for an inner 
satellite to grow freely. Moreover, even if there would be room for an inner 
satellite between I and Roche’s limit, this central satellite and an assumed 
peripheral one would possess negligibly small masses. Within the planetary 
system proper this practical solution might, however, have been a success- 
ful one. If so, the planetary system, as we will see, would have consisted 
of a small planet, say Venus or the Earth, and two giant planets, I, say 
Jupiter, and II, say Neptune. 

When we consider the next example, the Martian satellite system con- 
sisting of the couple Phobos and Deimos, we notice that also in this case 
the relatively large dimensions of the planet have hampered the develop- 
ment of more than two satellites. We even get the impression that it is 
not a chance effect that the radius of Mars is very nearly a term of the 
geometric series on which the Martian system is built. In fact a system 
like the Martian one could have included more members if the dimensions 
of the original disk and the value of the planet’s mass would have allowed 
their formation. 

The Earth having evidently to be placed in the scheme to the left of 
Mars, we are urged to speculate on a very remarkable correlation between 
the ratio of the radii of successive secondaries and the mean density of the 
central body. This is an extremely puzzling phenomenon which will not be 
investigated here, but should certainly receive full attention. 

Finally, the scheme shows us with great clearness that in every known 
system not only one mechanically possible structure is realized. Evidently 
one p-value, say pp, gives its final imprint on the system by its actual 
leading to condensation into rings, and eventually into separate planets 
or satellites, obeying a series of distances from their primary determined 
by this value py. 

Should only one possibility be realized then it would result in a regular 
increase of the masses m of the secondaries in outward direction followed 


by a regular decrease of these masses according, as was proved in [3], 
to the formula 


(35) m=constant x 7 exp [—a7"] 


The structure of the systems which have actually resulted is, however, 


to be understood as a consequence of the superposition of a couple of 
secondary undulations, say 


(36) £, COs (r In -) +£& cos (2 In =) 
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on the primary undulation 

37 Z 
(37) Ey COS (0 In =) 
affecting the exponent 


—ar!s 


which characterizes the radial distribution of 0, when the disk is on the 
point of generating a set of concentric rings. 

The couple of undulations (36) represent, so to speak, the failing at- 
tempts to realize a less numerous system of secondaries following other 
executable plans. 


The empirical rules governing the planetary system were proved to be [8] 


secondary density 
maximum at Ina’r= 


D,= 10,86 
p,= 3,1 5,40, 3,50, 1,60 
p= 1,4 4,20 


The present new theoretical interpretations of these values are 


secondary density 
maximum at Ina’r= 
P)>=10,1 giant planets 
py = 12,35 terrestrial planets 
p= 3,25 5,31, 3,38, 1,45 
D,= 0,75 3,89 


There is no need to resume computations of the planetary masses with 
the aid of the theoretical p-values in order to know that the agreement 
with what was earlier achieved graphically and by the way of trial and 
error is excellent. 

The other carefully analyzed case is Saturn’s system. The empirical 
rules governing Saturn’s system were proved to be [8] 


secondary density 
maximum at na’r= 


Py= 23,1 
py= 5,2 4,10, 2,90, 1,70 
P2= 1,9 3 10,0320 


The present new theoretical interpretations of these values are 


secondary density 
maximum at Ina*r= 
Py = 23,05 
peso 3,89, 2,82, 1,76 
p= 3,25 3,38, 1,45 
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In the first and most important [8] undulation the agreement is again 
excellent; in the second one there is, this time, a certain obvious disagree- 
ment. The author’s impression is, however, that the disagreement is not 
really serious after all, but if it would prove to be so there is one solution 
of the difficulty that recommends itself. The most important density 
maximum curve in our scheme, the one we have used already often, 
presents a significant minimum at p=2,0. This minimum indicates that 
random condensation at a distance r corresponding with In a?r=3,20 
would favour further evolution within a large range of p-values. This 
seems therefore easily initiated, but the author sees no reason to stress 
the point. 

It was pointed out earlier [10] that the planetary system and the 
satellite systems give us the impression that they are successive duplications 
of one and the same structure. The curious thing is that this apparent 
duplication is confirmed by the extension towards the left of the present 
scheme. This is proved by Table 1. 


TABLE 1 
Ta+1 ‘ 
System In : | approximated 
n 

SS ee ee 
“‘threshold”’ 1,94 1,92 
Mars 0,93 0,96 
Planetary 0,58 
Jupiter 0,50 + | 0,48 
Uranus 0,40 | 
Saturn 025 | 0,24 


We know that the particular ratios, valid in the structures of the plane- 
tary system and the systems of Jupiter and Uranus are to be considered as 
specifically different and each in agreement with the scheme. Nevertheless, 
the fact that Saturn’s system is so strongly suggestive of being a duplica- 
tion of the type that includes the other three systems with their common 
preference for four outstanding satellites, adds evidence to the applicability 
of the duplication hypothesis. It makes the gradual unfolding of initial 
sets of numerous systems from initial sets of less numerous rings easily 
understandable. 

On the other hand, in Saturn’s system we meet the equally comprehen- 
sible tendency of the growing together of rings whose radii differ only 
slightly. 

Viewed from all these sides the almost flawless realization of the natural 
plan for systems consisting of a prominent primary and a certain number 
of secondaries by every one of the cases revealed to us in the solar system, 
marks the hypothesis that all these systems passed from the state of a 
nebular disk through the state of concentric gaseous rings or rings of dust, 
to individual bodies, as one almost impossible to be averted. 
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The immense care with which each of these structures has been modelled 
on the potter’s wheel, so to speak, proves that this operation must have 
taken a long time, while, in the author’s view, there is hardly any means 
of approach towards these structures along the complicate route which 
appears to be still favoured by Kurpmr [11]. 

An interesting final conclusion is that the possible essentially different 
nature of the composition of any embryonic rotating disk, whether 
gaseous or corpuscular, does not seem to be of essential different influence 
on the way of transformation of the disk into a set of concentric rings, 
It is, however, an intelligible conclusion, because a dust cloud of the 
dimensions which are here involved must act as a gaseous mass consisting 
of very heavy molecules. 

As regards the retrograde satellites, the example of Hyperion, Neptune’s 
irregular system and Pluto’s doubtful origin, which have not been 
touched here, reference is made to Kurper’s relevant hypothesis [11] 
[12] and the present writer’s elaboration [10] of these puzzling cases. 
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BIOCHEMISTRY 


BIOLOGICAL PROCESSES IN THE ESTUARINE ENVIRONMENT 


Xa. THE PLACE OF THE ESTUARINE ENVIRONMENT WITHIN 
THE AQUEOUS MILIEU 


BY 


L. G. M. BAAS BECKING, E. J. FERGUSON WOOD anp I. R. KAPLAN *) 


(Communicated at the meeting of November 24, 1956) 


SUMMARY AND CONCLUSIONS 


1. Eh-pH relations in various natural aqueous environments were 
measured, chiefly in the field. 

2. While certain environments normally show a low, and others a high 
variability in their characteristics, most waters under certain circumstances 
may show extreme values. 

3. As all environments studied were teeming with life, one may predict 
that the milieu-limits of representative eurybiotic organisms will coincide 
with the potential environmental milieu limits. The entire region of the 
milieux seems to be covered by four groups of organisms:—sulphate 
reducing bacteria, sulphur-oxidizing bacteria, iron bacteria and algae. 

4. The effect of the processes induced by these organisms upon natural 
waters are briefly outlined. The most important chemical properties 
governing Kh and pH are:— buffer content, sulphate content and iron 
content. 


INTRODUCTION 


The estuarine environment is composite and there is no such thing as a 
“typical estuary”. The characteristics of each individual estuary are 
largely governed by the type of water which it receives, so the understand- 
ing of the environment provided by an estuary requires a study of the 
different types of water which may contribute to it. Because of the composite 
nature of estuaries, the biological limits of the environment are uncertain, 
except perhaps the CaCO, boundary during active photosynthesis on 
shallow flats or in pools. 

In this paper, therefore, we shall examine the possible components of 
the estuarine environments as far as they have been available to us. There 
are some gaps in the story, and some environments are represented by 
scanty data, but we believe that we have sufficient information to give 
an intelligible overall picture. 


*) Division of Fisheries and Oceanography, C.S.I.R.O. Cronulla, Australia. 


89 


Tn this paper natural waters and muds (other than marine) are classified 
as follows: — 


1. Meteoric water such as snow or rain, poor in electrolyte, and at times 
(e.g., during a thunderstorm) acid. 

2. High moor water which is acid, poor in electrolytes but rich in organic 
matter. 

3. Oligotrophic water derived from sandstones and shales etc., less acid 
than number 2 but often chalybeate. 

4. Water from limestones, often highly buffered. 

5. Geothermal waters of volcanic origin. These are variable in their 
characteristics. 

6. Evaporates. A closed estuary may become an evaporate or evaporates 
may contribute to the estuary. 


It is impossible to give here a comparative chemistry of natural waters; 
this would be more than a life work. We shall merely consider the electrode 
potentials and hydrogen ion concentration of the various natural environ- 
ments, extending the work of ALLGEIER et al. (1941) and ZoBELL (1946). 
We have omitted alkaline desert brines, which are rare on this continent 
and have not been available to us, and meteoric waters. 

At this place mention should be made of industrial waste, which often 
may give rise to waters with exceptional properties. In the inorganic 
realm the acid minewaters are a well-known example. Here the change of 
pyrite to ferrous sulphate and the further oxidation to ferric sulphate may 
cause the development of a milieu with extreme characteristics. CoLMER, 
TEMPLE and HINKLE (1950) describe this biogenic sulphate solution (Thio 
bacteria) as having a pH of 2.00-2.72 and an Eh from +571 to +831 mV. 

By far the largest number of measurements (357) have been taken from 
estuarine muds. These include material from the eastern, southern and 
western coasts of Australia, the north-east coast of Tasmania and the west 
coast of New Caledonia. Estuarine waters (98 samples) were examined 
from the same localities. Geothermal regions are represented by 28 meas- 
urements made by one of us (KAPLAN, 1956) in New Zealand. Oligotrophic 
waters are represented by 63 samples from a high moor in central Tasmania, 
the Hawkesbury sandstone, the Cox, McKeon and Jenolan Rivers (west of 
the Blue Mountains) in New South Wales. The limestone environment 
is represented by 73 sets of measurements of waters from the Jenolan 
caves region of New South Wales. They include drip from stalactites, pools 
and underground rivers in the limestone caves, and the water from the 
Jenolan river after it leaves the caves. Evaporates include 48 samples from 
Lake Eyre (Baas Becxrna and Kapian, 1956) and solar sea water evapo- 
rates from Dry Creek, South Australia.1), Alkaline evaporates are 


1) We wish to express our gratitude to Mr. C. W. Bonytuon I.C.I., for his 
help in the study of the Dry Creek Salt Works. 
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represented only by a few field observations taken by one of us (Baas 
BEcKING) at Sand Springs, Nevada in 1927. 

As all the waters studied contained bacteria and algae, the limits of 
these natural environments might well coincide with the limits of certain 
organisms. Baas Brcxrne and Woop (1955) earlier in this series endeav- 
oured to outline the Eh-pH limits for the bacteria of the sulphur cycle and 
for algae. The choice of organisms, mainly autotrophs, has proved to be a 
happy one as the limits of the natural aqueous environments seem to 
coincide, in many cases, with those of the bacteria and algae studied. 

The values observed in the field and in the laboratory do not represent 
the maximum extent of the environment. What one might call the potential 
natural environment has wider limits than the normal milieu, and although 
the factors that cause extreme values may occur only rarely under special 
circumstances, they nevertheless express a potentiality. The study of the 
extreme milieus such as geothermals and evaporates is useful in that it 
enables us to predict what the more usual environments may extend to 
during a biological flareup inasmuch as most pH and Eh changes in the 
aqueous environment are caused by biological processes. 


ESTUARINE MUDS AND WATERS 


Figure 1 shows the Eh-pH characteristics of 357 mud samples and of 
98 water samples. The salinity ranged from 6 °/,, to 20 °/o) total base from 
0.6—-3.0 10-8n. The upper Eh limit at +600 mV represents a brackish water 
from Dora Creek, Lake Macquarie, New South Wales. The data from 
Dora Creek are given separately in Figure 3. The lowest value (-330 mV) 
was also from Dora Creek at a higher salinity and another date. 

The highest pH 9.4 occurred in mud from shallow pools, and from 
Zostera flats on sunny afternoons, i.e., from areas of active photosynthesis. 
The most acid mud was pH 5.4 found at a salinity of 19.4 °/9) chlorinity in 
a 25 m deep hole in South West Arm, Port Hacking in summer. Here, an 
active sulphate reduction accompanied a remarkable release of phosphate, 
the mechanism of which has been discussed by Baas Breckrne and Mackay 
(1956). 

Thus the estuarine muds cover a wide range of both pH and Eh (see 
table). The distribution curves show modes for Eh at +325 mV and at —75 
mV; pH has a mode at about 7.5. Even the large number of samples 
investigated does not reach the full extent of this milieu, as the oxidation 
of certain estuarine clays could yield, through the oxidation of sulphur, 
or of pyrite, negative pH values (VAN DER SPEK, 1934). 

The estuarine waters show a different picture. Both frequency distribu- 
tions are unimodal. It will be noted that the estuarine water potentials are 
lower than those of sea water described by Coopsr (1937). This could be 
due to greater bottom influence in the estuaries, but other reasons could 
also be advanced. 
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TABLE 1 


Percentual frequency distribution of Eh-pH for the environments studies. 
(Modes in italics) 
Leen eee eee 


Est. Est. Geo- |Evapo-) Oligo- | Lime-| gin 
mud water |thermal} rate | trophic] stone 
No. of Samples 357 98 28 48 63 
Eh in mV 
+ 700 to + 650 3 3 
+ 650 to + 600 3 3 
+ 600 to + 550 1 7 12 
+ 550 to + 500 7 28 
+ 500 to + 450 1 1 46 
+ 450 to + 400 1 2 7 38 
+ 400 to + 350 2 19 12 76 
+ 350 to + 300 8 45 3 122 
+ 300 to + 250 6 17 7 69 
+ 250 to + 200 5 13 39 
+ 200 to + 150 6 3 7 25 
+ 150 to + 100 9 12 37 
+ 100 to + 50 9 7 19 


1.0 to 1.5 7 7 
1.5 to 2.0 14 14 
2.0 to 2.5 10 10 
2.5 to 3.0 | 7 
3.0 to 3.5 3 83 
3.5 to 4.0 7 7 
4.0 to 4.5 7 5 12 
4.5 to 5.0 3 13 16 
5.0 to 5.5 1 3 20 24 
5.5 to 6.0 3 3 2 6 1 15 
6.0 to 6.5 i 20 12 27 12 78 
6.5 to 7.0 ll 3 32 16 30 92 
7.0 to 7.5 32 3 38 13 25 Ill 
7.5 to 8.0 30 28 7 14 23 102 
8.0 to 8.5 12 41 3 2 5 63 
8.5 to 9.0 2 23 3 4 32 
9.0 to 9.5 2 5 76 

Mean 7.40 8.25 4.37 6.87 5.87 7.19 

30 in pH 42.16 | +1.26 | + 6.77 |+ 2.16 | + 2.62 |4+ 1.85 
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Whenever intense sulphate reduction occurs the black hydrosulphide of 
iron becomes colloidal when the H,S content rises above 10-3n or higher. 
Such inky black waters were observed at Maianbar, an inlet of Port 
Hacking, in summer. The characteristics of the water were pH 6.8, Eh 
-100 mV. This single observation is not included in the statistics. 

The inevitable consequence of sulphate reduction will be an oxidation 
in which Thiobacteria can be expected to take part. It appears that in 
estuarine mud and water the three chief geobiological influences photo- 
synthesis, sulphate reduction and sulphide oxidation play an important role. 


GEOTHERMAL WATERS (Figure 2) 


From the work of Kapian (1956) on the hot springs, geysers and pools 
of the Rotorua district of New Zealand a rough outline of the geothermal 
environment may be obtained. This environment has a very large range, 
at least from Eh -190 to + 680 mV, and pH 8.7 to 1.2. As only 28 samples 
were investigated, this outline may be far from complete. It was pointed 
out that the characteristics in the acid range and at the lower potential 
limits may be, in some part, biogenic. As said above, estuarine clays may, 
on oxidation in air, become quite acid, and the difference between the 
estuarine mud and the geothermal environment lies more in the frequency 
distribution of the characteristics than in their absolute values, or, in 
other words, acid oxidation is highly unusual in marine and in estuarine 
muds. Calcareous and saline hot springs were not studied; they may extend 
the environment at high pH and Eh. The experience of one of us (hot spring 
travertines in Java and Sumatra) however indicates that the pH certainly 
does not exceed 9.0. Additional information on travertines seems desirable. 


EvVAPORATES 

From Lake Eyre (Baas Brckine and Kapian, 1956) and from Dry 
Creek solar salt works, South Australia we obtained 48 sets of data, which 
are represented in Figure 2. pH varied from 5.7 to 8.1, Eh from —100 to 
+580 mV. Krumbein and Garrels (1952) claim that the pH of the evaporate 
environment varies between pH 8 and 9, the Eh between 0 and +100 mV. 
One of us (Baas BECKING, 1938) observed a pH of 2.6 on the surface of 
Lake Tyrrell, South Australia, after a salt harvest. At Dry Creek, values 
of over + 500mV were repeatedly observed in end brines containing Dunaliel- 
la. Thus, even for the non-alkaline Australian evaporates, the milieu limits 
are much wider than those claimed by Krumbein and Garrels. In highly 
alkaline brines poor in Ca and Mg, a pH of 10.54 was encountered at Sand 
Springs, Nevada (Baas Brcxina, 1934). 

Three groups of microorganisms, all components of the alkaline desert 
brines (Dunaliella parva Lerche, purple and green bacteria) may grow at 
high alkalinities and at highly different Eh levels. For Dunaliella, the Eh 
at pH 10.50 was +440 mV. Lacking direct measurements, we have incor- 
porated this point in the diagram on Figure 4 as an upper pH-Eh limit. 


94 


There are at least three environments, therefore, that may show quite acid 
conditions, the estuarine, the geothermal and the evaporate. In all three 
cases there is a common cause, the biological oxidation of sulphur or of 
sulphide, often, but not always, following a sulphate reduction. 
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Observations were made on: waters from the Hawkesbury sandstone 
region (37 obs.), a high moor in southern Tasmania (11 obs.), and the 
headwaters of rivers in Westmoreland country, New South Wales, (Cox, 
Jenolan and McKeon Rivers, 15 obs.). 

All these regions carry an acidophilic surface flora,—in Tasmania we 
find a true Sphagnetum. 

In the Hawkesbury region the waters spring from a sandstone which 
supports in the wetter places such indicator plants as Drosera and the 
cosmopolitan acidophilic alga Zygogonium ericetorum. 

The frequency distribution shows two modes of the electrode potentials, 
one at +475, the other at + 375 mV, with limits of +530 to +50 mV. The 
pH distribution is unimodal (6.25), and extends from 4.0 to 7.4. 

The Hawkesbury sandstone waters are highly chalybeate; there are 
caves with stalagmites and stalactites of goethite-siderite, and iron 
bacteria occurring whenever a reduced deeper water comes to the surface or 
when it seeps down into the cave trough an overburden. 

Though more acid, and containing even less mineral (4-6 p.p. million) 
the high moors of Tasmania belong to the same type as those of the 
Hawkesbury sandstones. These waters are so pure that even in the 
deeper, decayed Sphagnum there was no sulphate reduction, owing to the 
absence of sulphate. Addition of small quantities of ammonium sulphate 
caused the production of H,S within a few days. 

This fact shows that the data obtained may not outline the environment. 
Baas Becxrne and Nicowai (1934) have observed sulphate reduction in a 
Sphagnum bog in Drenthe, Holland, at pH 4.2. 


(To be continued) 


BIOCHEMISTRY 


BIOLOGICAL PROCESSES IN THE ESTUARINE ENVIRONMENT 


Xs. THE PLACE OF THE ESTUARINE ENVIRONMENT WITHIN 
THE AQUEOUS MILIEU 


BY 


L. G. M. BAAS BECKING, E. J. FERGUSON WOOD anp I. R. KAPLAN 


(Communicated at the meeting of November 24, 1956) 


THE LIMESTONE MILIEU 


The observations were made on waters in and downstream from the 
Jenolan Caves, west of the Blue Mountains, in New South Wales. Samples 
(73) were taken from two underground rivers, stalactite drips, pools in the 
caves (often blue with so-called cave-milk, i.e., suspended Ca-, and even 
Fe salts), the Jenolan River and its calcareous tributary below the caves. 
The milieu seems to be a conservative one. The Eh distribution was unimo- 
dal at +375 mV with limits of +455 to +100 mV, and a pH (mode at 
6.75) with limits of 5.9 and 9.0. The total base was highest in a stalactite 
drip; 5.6 + 10-8n. The waters are slightly chalybeate. 

As our visit to the caves took place in early spring, the limits obtained 
probably do not include the photosynthetic changes which would occur in 
summer. The total absence of low potentials is remarkable and may be 
explained by the paucity or absence of sulphate: only in one case (Indian 
Cavern) was sulphate observed.!) The Hawkesbury sandstones are also 
low in sulphate and here the lowest Eh value war +140 mV. 


COMPARISON OF ENVIRONMENTS 


In comparing the various environments, use is made of the standard 
error of the mean. However, as the frequency distributions are anything 
but normal, this value cannot give a satisfactory picture of the variability, 
but has to be used in want of something better. Moreover, the potential 
milieu is, as has been stated in the introduction, even wider than the 
environments described. By averaging the standard errors of the pH and 
Eh, taking that of estuarine water as unity we have: — 

Estuarine water 1.0; Limestone water 1.7; Oligotrophic water 2.1; 
Evaporates 2.3; Estuarine mud 3.8; Geothermal 4.3. 


1) Dr. W. G. Camretrmert, Metropolitan Water, Sewerage and Drainage Board, 
Sydney, kindly made available a number of water analyses both from Westmoreland 
County Rivers and from waters of the Hawkesbury region. In the 23 samples 


submitted 10 showed less than 2 p.p. of sulphate, maximum at 14.0 p-p.m. with 
a mean at 5.0 p.p.m. 
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The first three environments seem most conservative, even when the 
older field data are considered. In the other three environments, 1.e., 
evaporates, estuarine muds and geothermals, the possibilities seem wider 
and are possibly of the same order of magnitude. 

Figure 4 plots the outline of the “total” environment as compared 
with the ‘‘actual”’ environment for the organisms studied by Bass BECKING 
and Woop (1955). 

One must remember that there are several contributing causes to the 
variability and the pH-Eh limits. We will mention only a few of the most 
obvious, chiefly chemical, properties of natural water and mud which 
influence these characteristics. 

(a) The buffer system.—This buffer varies from 10-4n bicarbonate in 
the high moor to 3n in alkaline desert brines containing sodium carbonate. 
The value for seawater is 2.544 10-%n, and in limestone regions the water 
may contain more than twice this value in carbonate-bicarbonate buffer: 
(for a fuller discussion see BAAS BECKING (1956 in press).) 

Baas Brcxine and Nicoxai, (1934) confirmed at Professor Konigs- 
berger’s laboratory by Mr. van Heusden (oral comm.) have shown that 
the cell walls of Sphagnum are capable of cation exchange. Rainwater 
near the high moor region studied contained about 21 mg/l NaCl. (Bog 
waters are of meteoric origin). On the walls of the Sphagnum the following 
reaction takes place: — 


NaCl+ HX =HCL+NaX. 


This reaction is, in all probability almost quantitative, and may thus 
lower the pH of bog water to 3.6. In Tasmanian bogs, the minimum pH was 
4.0 corresponding to the lower electrolyte content of the water. These 
reactions are only apparent in waters with a low buffer value. Cation 
exchange will take place in waters with a higher electrolyte content and 
possibly on certain lignins, but its effect cannot be ascertained owing to 
the buffer capacity of such waters. 

The buffer system is influenced by photosynthesis, respiration, lime 
deposition etc. Green plants may use CO,, H,CO, and HCO,- but are 
incapable of utilizing CO; in their assimilation without secretion of acid. 
Therefore, in photosynthesis, CO, is taken up from bicarbonate ion, 


2HCO,-=H,0+C0,+C0,= 


the pH increasing concomitantly. 

In seawater with a normal pH of about 8.2, increases to about 9.4 are 
observed in the vicinity of plants in bright sunshine. Here CaCO, probably 
precipitates and so forms a pH plateau. However, since (despite a great 
deal of effort) the theoretical basis of these and similar processes are lacking, 
we will only describe this experimental fact. 

It is true that, at a pH of about 9.5, the Truckee River, California, 
starting at a very low base value in Lake Tahoe, begins to deposit lime as 
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calcareous tufa on the shores of Pyramid Lake, and as calcareous pebbles 
in Walker and Minnemucca Lake (BAAs Brckrne,*‘1934). After this 
deposition, followed by that of the Mg (OH),, the water showed a pH 
greater than 10.00. Field observations by one of us (Baas BECKING) at 
Steamboat Springs, Nevada, showed a pH of 10.54. In the laboratory, 
ln. Na,CO, (5.3 percent) showed a pH of 10.38, Eh +240 mV, while at the 
same temperature a saturated solution (17.5 per cent.) showed a pH of 
10.51 and Eh +210 mV. Trona, a mineral typical of alkaline brines and 
often occurring in reefs has the composition NaHCO, Na,CO;, 2H,O. Its 
solution, in desert brines is often teeming with green plants (Dunaliella 
spp.) which tend to convert the bicarbonate into carbonate, thus causing 
the high pH, which represents therefore a true natural pH limit. 


(6) Sulphate content.—Sulphate is the second constituent of a water 
which is important to its Eh-pH properties. As sulphate reduction obviously 
cannot take place without sulphate, we cannot expect in almost sulphate- 
free waters (Tasmanian high moor, Jenolan limestone) the low electrode 
potentials which, in nature, are almost always a sign of sulphate reduction. 
In the Jenolan waters, sulphur bacteria were absent, and iron bacteria 
were not observed either. 

Apart from high concentrations of soluble organic matter chiefly obtained 
in the laboratory the only other cause of highly negative potentials may 
be the hydrogen (and organic sulphur compounds) generated in micro- 
biological processes. BAas Bucktne and Kapran (1956) have shown that 
Lake Eyre mud contains bacteria that may generate hydrogen. 

As seawater contains 6.68 10-2n SO4~, this amount will be available for 
conversion to H,S if the Eh is less than + 100 mV, (see Baas Brckrne and 
Woop, 1955, Fig. 10). In the presence of iron, iron hydrosulphide will be 
formed, as in the muds, and this hydrosulphide changes on exposure to 
air first to hydrotroilite, later to sulphur: 


4Fe(SH), + 50,—4Fe =O —OH + 88+ 2H,O 


This reaction is intrinsically abiological. When the enviroment is further 
aerated, this sulphur is oxidized biologically ultimately to the sulphate 
level. The resulting pH depends on the buffer capacity of the water and the 
amount of sulphur available. 

The iron compounds enter into the cycle as a “sulphate trap”. They 
become oxidized during the process and may be reduced again. This 
reduction may be brought about by H,S or SH-, but even without sulphides 
at the root level in the soil or in mud, organic substances will serve as the 
hydrogen donors. This reduction of the ferric compound is universal and 
does not, in many cases, require the total absence of oxygen. 


(c) Iron content.—The upper Eh limit by sulphate reduction occurs at 
+110 mV. In the absence of SH- of H,S (Hawkesbury sandstone and 
Jenolan Caves) the lowest Eh observed was from +100 to +140 mV. 
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Most probably, this is an indication of a high ferrous (iron hydroxide or 
bicarbonate) content of these chalybeate waters. 

Figure 3 shows that a certain water is often delimited by its pH-Eh 
relations. 

The upper reaches of the Jenolan River show a pH between 6.35 and 
7.90 and an almost constant Eh between +400 and +430 mV, while the 
McKeon River and Warrah Creek (near Pearl Beach, New South Wales) 
show pH between 4.90 and 7.60 and an Eh of +295 to +350 mV. These 
relations, in which Eh remains approximately constant (no H+ generated 
or consumed) find their counterpart in cases where the pH is constant 
(no electrons generated or consumed) as in Dora Creek, which, sampled 
in midsummer showed at a pH of 7.15 to 8.05 an Eh range from —130 to 
+600 mV. Intermediate relations are illustrated by saturated brines from 
Dry Creek. 

All these curves where Eh may be poised or pH buffered are most 
probably an expression of a redox system of iron compounds, as laboratory 
experiments have shown. Below pH 6.8 ferrous ion and above that pH 
ferrous hydroxide and (bi)carbonate are oxidized to Fe,O, or to Fe O—OH. 
Percentual distribution of the ferrous compounds, their concentration and 
the amount of oxygen consumed per ferrous iron molecule determine the 
highly variable nature of the Eh-pH relation. 

CoLMER, TEMPLE and HINKLE (1950) ascribe the high Eh and low pH 
of the Pittsburg minewater to the action of bacteria which oxidize ferrous 
sulphate to ferric sulphate with the concomitant formation of sulphuric 
acid. Inasmuch as sulphuric acid would yield a negative pH the equation 
given by the authors cannot represent the reaction at pH 2-3, the region 
in which the bacteria developed. The iron salts alone yield values close to 
those of the environment described by CoLMER. 

Saturated ferrous sulphate showed a pH of 3.45, Eh + 505 mV, saturated 
ferric sulphate pH .90, Eh +855 mV. In the latter case there would be 
HSO,- ion, but little undissociated sulphuric acid. 


DISCUSSION 


Figure 4 gives a comparison between the milieu limits of certain groups 
of organisms and the limits of the natural aqueous environment. 

There are two extremes that probably represent ultimate limits; a 
saturated solution of ferric sulphate (pH .90, Eh + 855 mV) and a saturated 
solution of sodium carbonate (pH 10.51, Eh +210 mV). It is unlikely that 
we shall meet, either in a laboratory or in a natural environment, values 
transgressing Eh +855 mV or pH 10.55. About the other limits, for which 
we will account in a later paper we may state here that the line parallel to 
the oxygen limit represents photosynthesis. There is reason to assume that 
hydrogen peroxide may play a role in the establishment of the potential and 
its slope. The lower Eh limit of the environment is obviously given by an 
interplay between sulphide and iron. 
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Extensive field research will be needed to obtain a more reliable outline, 
especially in the region of negative pH. 
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KINETICS OF THE FORMATION OF THE PEPTIDE BOND. 
HYDROLYSIS AND AMINOLYSIS OF 
CARBOBENZYLOXY-LEUCYL-DIBENZYL-PHOSPHATE 
I 


BY 


A. M. VAN DE VEN, V. V. KONINGSBERGER AND J. TH. G. OVERBEEK 


(Communicated at the meeting of December 29, 1956) 


1. Introduction 


Nucleic acids, acylated with aminoacids occupy a central place in the 
hypothesis on the biosynthesis of the peptide bond, put forward by two 
of us [1]. In a kinetic study on the reaction between phenyl benzoyl 
phosphate (P.B.P.) and glycine, P.B.P. was used as a model substance 
for acylated nucleic acid. Obviously this model is deficient in at least two 
respects. The acyl group belongs to benzoic acid, not to an aminoacid 
and one of the three acid functions of the phosphate is free, whereas in 
the acylated nucleic acids all three are bound. Carbobenzyloxy-leucyl- 
dibenzyl-phosphate (C.L.D.P.) recently prepared by KarcoHansKy and 
Paxrcut [2], is a much better model substance, especially as it was pointed 
out recently [3] that the structural resemblance between dibenzylphos- 
phate and the corresponding phosphate ester groupings in nucleic acids is 
quite close. 

Moreover recent investigations (Hoactanp [4], Novexir cs. [5], 
LipMANN c.s. [6]) indicate that esterified acylphosphate compounds pro- 
bably are intermediates in the enzymatic activation of amino acids. 

SHEEAN and FRANK [7] have already used di-esterified acylphosphates 
in the synthesis of dipeptides but a detailed kinetic study has not been 
made. 

In this paper we present a kinetic analysis of the hydrolysis and amino- 
lysis by glycine of C.L.D.P. at 25° and 37° C. 


2. Experimental methods and calculation of concentrations 


Yd, AO ORO DS 


Since it proved to be very hard to redissolve C.L.D.P., once it had been 
obtained in pure form this compound was prepared and used in the form 
of a concentrated (about 1,5 molar) solution in carbontetrachloride. One 
series of experiments was performed with a sample obtained from Mrs 
Parcut and prepared by the method of KatcHatsky and Parcut [2]. 
For subsequent experiments, C.L.D.P. was prepared by a modified method 
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based in part upon the original procedure and in part on a method for the 
preparation of acylphosphates as described by CHANTRENNE [8]. 


A solution of dibenzylchlorosphosphonate in waterfree carbontetrachloride was 
prepared according to ATHERTON and Topp [9]. The content of chlorophosphonate 
in this solution was determined by means of the formation of the anilido-compound 
[9] in a sample. Equivalent amounts of crystalline carbobenzyloxyleucine [10] and 
waterfree pyridine could then be added. Pyridine is functioning as HCl-acceptor in 
this process. After standing overnight at 4° C the precipitate of pyridine-HCl was 
filtered off. The resulting clear and completely pyridine free +) solution of C.L.D.P. 
was then concentrated to about 1.0 molar by careful evaporation at low pressure and 
at a temperature of 25° C. This product was directly used in the reactionvelocity 
measurements. 


A microanalysis gave the values 3.4% for nitrogen and 5.8% for the 
phosphorous content of our preparation after complete evaporation of the 
solvent. Calculated N 2.7%, and P 5.9%. The somewhat high value for 
nitrogen was due to traces of free leucine as was shown by paper chromato- 
graphy. The different preparations used were about 95% pure. Their 
behaviour in kinetic experiments at 25° C was identical. 

Reactions were carried out at 25° C and at 37° C in 0.1 m acetic acid- 
sodium acetate buffers in 70° ethanol — 30% water (by volume). For 
each experiment a few drops of the concentrated C.L.D.P. solution was 
added. C.L.D.P. was determined at different times by the method of 
LipMANN and TurrLe [12], with the modification that all the reactants 
were dissolved in the ethanol-water mixture. 


An appropriate amount of the reaction mixture was added to a neutralized 2 m 
hydroxylamine solution and kept 45 minutes at room temperature, the hydroxamic 
acid formation then being completed. The colour of the ferric carbobenzyloxyleucyl 
hydroxamate was measured at an average wavelength of 530 mu against a blank 
containing all the reagents without C.L.D.P. 


The relative percentages of C.L.D.P. left after increasing times of 
incubation were calculated from the extinctions measured. Pseudo first 
order rate constants were obtained by plotting the logarithm of the con- 
centrations of C.L.D.P. left against the time of incubation. These constants 
showed a slight dependency on the concentration of the acetic acid-sodium 
acetate buffers. Measurements, however, with added sodiumchloride to 
compensate for the loss of ionic strength indicated that this was not a 
simple salt effect. Therefore precisely 0.1 m buffers were used throughout 
all the experiments. 


2.2. pH and concentration of OH--ions 


For the calculation of the pH and for the conversion of pH-values into 
OH~-ion concentrations a reference point, activity factors and the ioniza- 


*) The very sensitive identification reaction [11] for pyridine with 2,4-dini- 
trochlorobenzene was completely negative. 
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tion constant of water had to be determined in ethanol-water solutions. 

The reference point was found by measuring the E.M.F. of the cell 
Pt(H,) | dilute HCl solution | AgCl, Ag and extrapolating to infinite 
dilution. In this way the pH of 0.001 N hydrochloric acid was found to 
be 3.05 at 25° C and 3.03 at 37° C. These values were taken as the reference 
points for other measurements. 

By measuring the E.M.F. of the above cell for solutions of 0.001 N HCl 
with added sodium nitrate activity coefficients of HCl could be cal- 
culated (table 1). These activity coefficients should be a reasonable 
approximation for any monovalent ions at the same ionic strength. In 
none of our experiments did the ionic strength rise above 0.1. Multivalent 
ions were not present. 


TABLE 1 
Activity coefficients at 25° and 37°C of HCI in the presence of NaNO, in 70% 
ethanol — 30% water (by volume) 


rs 


concentration HCl concentration NaNO, | activitycoefficient f, 
(moles/1) (moles/1) 25° 37° 
0.001 0 0.90 0.93 
0.001 0.0015 0.83 0.88 
0.001 0.0040 0.77 0.85 
0.001 0.0065 0.74 0.84 
0.001 0.0090 0.69 0.82 
0.001 0.0240 0.65 0.77 
0.001 0.0490 0.61 0.74 
0.001 0.0740 0.58 0.70 
0.001 0.0990 0.55 0.68 


pK water was calculated from the pH of 0.001 N NaOH assuming again 
0.90 and 0.93 for the activity coefficients at 25° and 37° C. The values 
found were: 


Big te 15.08; pK (37°\—14.76 


The accuracy of this method is reasonable, as can be proved by compa- 
rison of the pK values of acetic acid, determined by GrunwaLp and 
BERKowrrz [13]: PKs, acta in 70% ethanot-20%, wat = 0-29 With the value we 
POUTICN ee et = 020), 


2.3. Glycine 


Electrometric titrations of glycine showed that in the region between 
pH=4 and pH=7 where the reaction velocity experiments were carried 
out nearly all the added glycine is present in the uncharged or dipolar 
form (RNH3). The empirical titration constant Ky,,+ [14] varies only 
very slightly with the glycine concentration as well as with pH. According 
to electrometric data the values of pKy, + found by extrapolation to 
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small [OH] are 
pKyu,+ (26°) = 9.56; pKygr,+ (37°) = 9.37. 
For the interpretation of the kinetic results the values of 


[RNH}][OH]  Kyater 
(1) Kya = [RNH,] Kyyt 


are needed. Concentrations are indicated by symbols between square 
brackets. RNH, represents glycine in the glycinate form. The values for 
K 


pase @Fe: 


Kase (25°) = 3.0 X 10 (mol 1-1); K,,,, (37°) =4.2 X 10-* (mol 1-*) 


3. Hydrolysis 
At all pH’s investigated the rate of hydrolysis was first order with 
respect to C.L.D.P. The results could therefore be expressed by the pseudo 
first order rate constant K,,,: 
d[C.L.D.P.] 
[C.L.D.P.] 


TABLE 2 


Hydrolysis at 25° and at 37° C of C.L.D.P. solutions in 0.1 M acetate buffers in 70 
vol % ethanol — 30 vol % water 


Temp. fOr sto Keel 
Exp. no. " me pH ten) 1-4) | er 
27 25 4.76 0.60 1.8 
19 25 5.10 1.5 2.3 
17 25 5.56 4.7 3.8 
14 25 5.98 13.0 5.0 
18 25 6.20 22.4 6.3 
15 25 6.83 100 8.3 
15A 25 6.86 107 9.4 
22 25 7.40 382 11.5 
40 37 4.61 0.84 2.8 
42 37 4.93 1.8 3.6 
44 37 5.45 6.6 5.6 
45 37 5.78 14.6 7.2 
41 37 6.16 37 9.4 
43 37 6.74 142 13.0 
73 37 6.79 195 17.3 
74 37 7.13 353 18.8 
75 37 7.27 488 21.1 


It appears from table 2, that at low pH the rate is nearly proportional 
to the concentration of OH--ions, but extrapolation to [OH]=0 leaves 
a finite reaction rate, indicating some spontaneous non-catalyzed hydrolysis. 
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The reaction rate does not grow indefinitely with increasing pH, but 
seems to level off to a constant value. However, semiquantitative measure- 
ments around pH=10 have shown that the reaction velocity continues 
to increase, although at a slower rate. Figure 1 (section 4) illustrates these 
facts. 

The observed phenomena can be explained by a stepwise mechanism 
at low and middle pH and a direct OH catalyzed hydrolysis that prevails 
at high pH. In the stepwise mechanism the first step is a monomolecular 
activation of C.L.D.P. or more likely a reaction of this compound with 
water. The second step is either a spontaneous decomposition or an OH- 
catalyzed reaction. 

The following reaction scheme can thus be set up: 


K, 
OiD PHO x 


Ki 
X — carbobenzyloxyleucine (CL) + 
vs dibenzylphosphoric acid (DPA) 


X +OH- — CL+dibenzylphosphate (DP) +H,O 
Ky 


C.L.D.P.+OH- — CL+DP 


Ky 
Straightforward analysis of this reaction scheme [15] leads to the 
following rate equation 
[oe LDP 
= (OID PI dt a 


=K; 


Ros - 
(3) 

K,; ; K, 
oe BOn 7) Kia Ke, (ony LO 
in which K;=K,[H,O] whereas K,; has been neglected. 

For high concentrations of OH--ions eq. (3) can be approximated by 
HE! 
K, [OH] 
and plotting of K,,, against 1/[OH] leads to values for K; and K,/K,. 
For low concentrations of OH--ions eq. (3) can be written as 


Ke 2 K, 1kG, 
K,+K, K,+K, 


and by plotting K,,, against [OH] (K,/K,) and (K,/K,) can be found, 
K_ being known already. The results of this procedure are given in table 3. 


(4) Lee a Ky aa 


(5) ces = Ky : [OH] 


TABLE 3 
Rate constants for the hydrolysis of C.L.D.P. 
25° a7° 
Ky (sec?) L552 104 2ieelons 
K,/K, 0.15 0.12 
K,/K, (1 mol-?) 5.1 x 108 3.8 x 108 
K, (1 mol-sec—1) 104 (order of magnitude) 


8 Series B 
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4. Simultaneous hydrolysis and aminolysis 


The results of our experiments are summarized in table 4. Again, all 
reactions are first order with respect to C.L.D.P. and can be expressed by 
means of K,,., the observed rate constant, defined by eq. (2). 


TABLE 4 


Simultaneous hydrolysis and aminolysis by glycine at 25° C and at 37° C of C.L.D.P. 
solutions in acetate-buffers of various pH. In the pH-range investigated, glycine 
exists almost completely as +H,N —CH,—COO-=RNGH, +. 


Exp. no 
21 25 4.52 
12 25 5.21 
1l 25 5.86 
16 25 6.08 
36 25 6.53 
35 25 6.76 
31 25 6.89 
32/32A 25 7.06 
28 25 4.55 
20 25 4.59 
8 26 5.04 
9 25 5.57 
9A 25 5.59 
10 25 5.98 
30 25 6.48 
34 25 6.60 
25 25 6.86 
254A 25 6.87 
47 37 4.69 
57 37 4.98 
48 37 5.65 
91 37 5.71 
82 RY 5.86 
49 37 6.00 
83/88 37 6.18 
89 37 6.17 
60 37 6.41 
59 37 6.86 
54 37 4.59 
55 37 4.98 
56 37 5.52 
85 37 5.67 
61 37 5.82 
86 Bi | 5.92 
90 37 6.05 
52 37 6.17 
53 37 6.30 


[OH] x 10° 


(mol 1-1) 


0.36 
1.9 
2.7 
16.6 
49 
86 
116 
178 


0.36 
0.41 
1.3 
4.8 
5.0. 
13.0 
44 
58 
107 
111 


1.02 
2.07 
10.7 
12.5 
Lie7, 
25 
38 
38 
66 
117 


0.78 
2.07 
7.8 
‘Me 
16.4 
20.6 
28 
37 
51 


[RNH,+] x 
(mo] 1-1) 


ll cel el ol oe oe NNNONNNNYWH WH WD eel cel el oe oe 


NNNNNNHY WY DS 


10?| Kop, X 104 


(sec) 


1.8 
3.8 
12.7 
21.5 
44.5 
71 
83 
120 


2.0 
2.7 
3.8 
12.1 
13.8 
35 
68 
91 
141 
149 


3.8 

6.3 

18.9 
24 
31 
37 
48 
50 
71 
109 


4.2 

8.8 
25 
36 
46 
54 
67 
82 
101 
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Evidently, the rate constants contain contributions from hydrolysis 
as well as from aminolysis, as can be shown by comparison with table 2. 
In the lowest pH region a proportionality to OH--ion concentrations can 
be observed, but not to the glycine concentration. The rate constant still 
retains a positive value after extrapolation to [OH]=0. At higher OH--ion 
concentrations the rate constant is proportional again to [OH]; moreover, 
proportionality to the glycine concentration can now be observed. A plot 
of K,,, against [OH] (fig. 1) illustrates these facts. 


sot Mobs x/0* [sec’) Py 


AMINOLYSI/S ond HYDROLYSIS 
of C.L.D.P. 
ae: 


4001 8 HYDROLYS/S 
© AMINOLYS/S-O.0/M GLYCINE 
& AMINOLYS/S-O0.02M GLYCINE 


j4 
8 


50 


°° onJx10'° (mot 17") 


PHx10" [mol r) 

5 70 15 
Fig. 1. Hydrolysis and simultaneous hydrolysis and aminolysis of C.L.D.P. at 
25° C under the experimental conditions as mentioned in tables 2 and 4. The curves 


represent the data of hydrolysis and simultaneous hydrolysis and aminolysis with 
0.01 and 0.02 molar glycine respectively. 


For the analysis of these data the same procedure is used as was applied 
by OVERBEEK and KonINGSBERGER [14] to the analysis of the simultaneous 
hydrolysis and aminolysis of ethylthioacetate. 
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The phenomena mentioned above can then be paly eres by assuming 
the following reactionscheme: r 


Hydrolysis: As mentioned in § 3. 
Aminolysis: X + RNH, —. either hydrolysis, or formation of 
Ke carbobenzyloxyleucylglycine. 
C.L.D.P.+RNH, —> carbobenzyloxyleucylglycine + DP 
Ky 

This implies that rates of the reactions 6 and 7 are found to be proporti- 
onal to [RNH,+] and [OH], which fact, using the dissociation equation (1) 
is interpreted as a first order mechanism with respect to the glycinate- 
(RNH,) concentration. 

Whether hydrolysis or animolysis products are formed in the reaction 
of the complex X with glycinate is not certain. 

The assumed scheme is in partial agreement wtih the data of other 
authors on the aminolysis of thioesters [14, 16] and is in perfect harmony 
for the second aminolysis reaction with the schemes of KosHLAND [17] 
and of KoNINGSBERGER and OvERBEEK [1] for the aminolysis of acylphos- 
phates, involving a nucleophilic attack of the carboxyl carbon by the free 
electron pair of the amino group nitrogen. 

A reaction kinetic analysis of the given scheme [14] leads to the rate 
equation : 


K Sek 2: _dg{C.L.D.P.] _ 
(6) sae [hie ohne s 
_ qe- (K,/K,)+ oe [OH] + (K,/K,) [RNH,] 
= Ki Te (KK) (KK, [0H] + (K,/K,) [RNB] + 87 (RNH,] 


After some rearrangement the following conclusions can be drawn. 
For small OH--ion concentrations the rate constant can be written as: 


(7) Kops = Ky 


Kj Ky ( Ey 5; =) 40 
Kori: Weert ee RNAS (07) 


At higher pH values, however, the following equation is valid: 


hv 


(8) Ko = Ki + 3? [RNHG] [0H] 


By plotting K,,, against [OH] (K,/K,) can be found and with the values 
of K, as determined in § 2.3, K, can be calculated. Use of the same plot 
can be made to obtain the value of K,/(K,K,) from eq. (7). 

The value of the factor 


Ki Ky Ky K, + 
KFm + (Re rey 1S) NG 
can be determined in the lowest pH regions, the other factors and constants 
being known from the preceding hydrolysis experiments. The value K,/(K,K,) 
leads then in the same way as mentioned above to the constant K,/K,. 


Ill 


Table 5 gives the results of the calculations described in this section. 


TABLE 5_ 


Rate constants for the aminolysis by glycine of C.L.D.P. 


na vane es 25 S7e 
; 
K,/K, (1 mol-?) 5.4 x 104 10.5 x 104 
K, (1 mol'sec—!) 198 357 


The rate constants were finally used in calculating values of K,,, by 
means of the theoretical eq. (6), which were compared with the experimental 
data of tables 2 and 4. They have been submitted to some trial and error 
in order to obtain the closest possible fit. Their accuracy is not high but 
may be estimated to be within 20% of the actual values. Some representa- 
tive results of the final calculations are given in table 6. 


TABLE 6 


Values of K,), as calculated with the constants of tables 3 and 5 from eq. (6) and as 
determined experimentally. 


4 104 
0, | [OH] x10 | [RNH}]x102| ots x10 Bos X 
Exp. no. | Temp. ~O experimental calculated 
(mol 1-1) (mol 1-1) s es 
(sec —) (sec —?) 
19 25 B= al), = oe 2.4 
15A 25 17 oe = 9.4 9.7 
11 25 9.7 1 12.7 11.8 
31 25 116 1 83 87 
8 25 EE ao 3.8 4.0 
30 25 \ 44 2 68 67 
44 37 6.6 - 5.6 5.6 
43 37 142 ay aoe 13.0 Lian 
73 37 159 _ 17.3 17.9 
57 37 2.07 uf 6.3 6.1 
49 37 25 1 37 35 
59 37 SAL 1 109 118 
54 37 0.78 2 4,2 4.6 
61 37 16.4 2 46 41 
52 37 37 2 82 79 


(To be continued) 
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HYDROLYSIS AND AMINOLYSIS OF 
CARBOBENZYLOX Y-LEUCYL-DIBENZYL-PHOSPHATE 
II 


BY 


A. M. VAN DE VEN, V. V. KONINGSBERGER AND J. TH. G. OVERBEEK 


(Communicated at the meeting of December 29, 1956) 


5. Isolation of the product of aminolysis 


The dipeptide carbobenzyloxyleucylglycine is to be expected as the 
product of the second aminolysis reaction (K,), in agreement with SHEEAN 
and FRANK’s observation [7] that dipeptides are formed during reactions 
of this type of diesterified acylphosphate compounds. A chromatogram 
was made of the reaction products of C.L.D.P. in acetate buffer of pH =7 
and ample excess of glycine after two hours incubation at 25° C. The devel- 
opment of the chromatogram was done according to the method of STARK, 
GoopBAN and Owens [18] for chromatography of organic acids. An 
authentic sample of carbobenzyloxyleucylglycine was used as a reference. 
The results indicate that the reaction yields more then 80% of the theoretical 
amount of dipeptide (reaction K,). 


6. Activation energies and probability factors 


Rate constants as determined at 25°C and at 37°C (table 3 and 5) 
were substituted into equation (9) 


(9) K,,=P Z e—E/RT 


to calculate the energies of activation (EK) and probability factors P of the 
various hydrolysis and aminolysis reactions. For the reactions 3, 4 and 6, 
involving the intermediate compound X, this procedure only leads to 
differences of activation energies, E,—,, etc. and to the corresponding 
ratios of probability factors P,/P, etc. The results are presented in table 
7 and 8. 

With respect to these data the following remarks can be made: 

1. All activation energies lie within the known range; most of them are 
rather small. 

2. Undoubtedly the complex formation of C.L.D.P. with water 
(reaction 1) is a “slow” reaction. The P-factor is within the range Guas- 
STONE, LAIDLER and EyRina [20] have calculated for the reaction between 
two polyatomic molecules (P=10—°-10—°). The same conclusion can be 
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TABLE 7 


Activation energies and probability factors of the hydrolysis and aminolysis by 
glycine of C.L.D.P. The collisionfrequency Z for bimolecular reactions was assumed 
to be 10%] mol-! sec [19]. 
nnn nn ee 


: E PZ 
Reaction Kg5- Koy. eine (1 mol-!. Pp. 
poet) sec—1) 


eee eee re Per ai SCC) ere, oe 
ICP -n05x 


K’=K,/ [H,0]) 6.4x10-5 11.8x10-§ 9300 4.510? 4.5 x 107° 
(1 mol-! sec-) 


7. C.L.D.P.+RNH,—> 198 357 9000 8x10®8 8x10-3 
aminolysis-products 
K, 
(1 mol-!? sec-!) 


TABLE 8 


Differences of activation energies and ratios of probability factors between reaction 

A and reaction 2. The collision frequency Z was assumed to be Z=10241 mol-!sec-! 

for bimolecular reactions and Z=10!* sec—1 for monomolecular reactions. In all cases 
reaction 2 is X>C.L.D.P.+H,0. 


K,/K, K,/K, E,-E, PyZy 


esis 25° 37° (cal/mol) pz, ——-Fa/Ps 

3. X>CL+DPA 

TEGe MEG 0.15 0.12 —3000 OOS Osco 
4, X+OH->CL+DP+ 

K,/K, H,O 5.1x108 3.8x108  -4500 3x108 3x10? 

(1 mol?) (1 mol!) 
6. X+RNH,—>? 

K,/K, 5.4104 10.5104 +10000 1x10" 1x 1044 

(1 mol-?) (1 mol-) 


drawn if this reaction is a monomolecular activation reaction C.L.D.P.>X. 
The P-factor would then be P~10-, 

3. Reaction 7 is a “‘normal’’ reaction. 

4, Any conclusion with respect to the reactions 2, 3, 4 and 6 related 
with the existence of the complex X, can only be based upon the ratio of 
the various P-factors of the reactions involved. If it is assumed that 
reaction 6 is a “fast” reaction (P~107—108), then the reactions 3, 2 and 4 
respectively are “very slow’, “slow” and “normal” (P,;~10~-*-10~%; 
P,~10-*-10-7; P,~1-10). The activation energies of the reactions 3 and 4 
are about the same. The value for the reaction 6 is about 14000 calories 
higher. 


7. Reaction schemes for the hydrolysis and aminolysis of carbobenzyl- 
oxyleucyldibenzylphosphate. Discussion of the results 


Further analysis of the various reactions of the proposed reaction 
scheme justifies the following suggestions and remarks to be made. 
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For the first hydrolysis reaction either a monomolecular activation or 
a bimolecular complex formation could be assumed. If the latter assump- 
tion is correct, the following structure can be suggested for the intermediate 
compound X: 


leh TONsh 1@, 
| i) 
(CH,),-CH.CH,— i b_o+_(00H,.c,H,), R= ia 
NHR OH. 


BENDER [21] et al. have proved the intermediate formation of a similar 
complex between oxygenesters and water, and OVERBEEK and KONINGS- 
BERGER [22] suggested the occurrence of such an intermediate in the 
hydrolysis of ethylthioacetate. 

Considering the speculative character of this asusmption, it does not 
seem justified to propose further structural reaction schemes for the 
hydrolysis and aminolysis reactions of C.L.D.P. involving complex X. 

A structural reaction scheme for the alkaline hydrolysis reaction of 
C.L.D.P. by OH- (K,) will be similar to the well known scheme for the 
hydrolysis of oxygenesters. 

The aminolysis of C.L.D.P. (K,) involves a nucleophilic attack on the 
carboxylearbon atom of C.L.D.P. by the free electron pair of the amino 
group nitrogen, as already is proposed for the aminolysis of acylphosphates 
by KosuHxianp [17] and by KonrnasBERGER and OVERBEEK [1]. 

Finally, a comparison was made between the results obtained with 
C.L.D.P. as a diesterified acylphosphate and those described by CHAN- 
TRENNE [23] and KoNINGSBERGER and OVERBEEK [1] for non-esterified 
and mono-esterified acylphosphate compounds. 

The aminolysis of the non-esterified benzoylphosphate [23] by aqueous 
glycine does not lead to formation of hippuric acid, probably because 
hydrolysis is too fast. Estrification of one of the two acidic groups yields 
phenylbenzoylphoshpate (P.B.P.); the hydrolysis of this product is much 
slower than that of benzoylphosphate; hippuric acid is formed readily 
[23, 1] in aminolysis by aqueous glycine according to 


P.B.P.+ RNH, — aminolysis products 


The activation energy in this case is E=7200 cal/mol, the probability 
factor Px10-, 


In the case of the comparable reaction 7 of the di-esterified compound 
fol Pe BB 


C.L.D.P.+ RNH, — aminolysis products 
Ky 


the activation energy is somewhat higher, E=9000 cal/mol, but the 
probability factor P is increased: Pw 10-2. 

Aminolysis products are formed more readily. Meanwhile the stability 
of C.L.D.P. is still very reasonable although its rate of hydrolysis is about 
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1000 x faster than that of P.B.P. In table 9 the reaction rates of the two 
compounds are compared at 25°C, the only temperature for which all 
data are available. 


TABLE 9 


Comparison of the monomolecular rateconstants of hydrolysis and aminolysis by 
glycine of phenylbenzoylphosphate (P.B.P.) and carbobenzyloxy-leucy]-dibenzyl- 
phosphate (C.L.D.P.). 

The measurements were carried out at 25° C in acetate buffer of pH 6.96 in 
70 vol % ethanol —30 vol % water. [glycine] =2 x 10-2 (mol ile) 


Kops (see) Ve ang (CLD HID Ae 
stones CEDER. 1a, Jeplaigle 
ee ee 
Hydrolysis RO Zaexee Oa? 9.4 x 10-4 500 
Aminolysis 109 S105? 141 x 10-4 1300 


These conclusions and observations have some importance for the 
hypothesis of OVERBEEK and KoNINGSBERGER [1], concerning the role 
of nucleic acids in the biosynthesis of proteins as the supposed inter- 
mediates in this process are also diesterified phosphate acyl compounds. 
These intermediates might be expected to have a very high free energy 
of hydrolysis and consequently to be too unstable in aqueous surroundings 
to play the role ascribed to them. The behaviour of the modelsubstance 
C.L.D.P. seems to invalidate this objection against the theory. 

The authors wish to thank Dr. M. Pancut and Prof. Dr. J. F. Arens 
for their gifts of C.L.D.P. and carbobenzyloxyleucylglycine and Miss 
E. A. S. Gorter, Mrs. H. WesseLs—MOuuer, Mr. A. A. B. S. EyKELBoom 
and Mr. Y. D. Loopstra for their help with the experiments. They grate- 
fully acknowledge a grant of the Netherlands Organisation for Pure 
Research (Z. W. O.), which made this work possible. 


8. Summary 


The kinetics of the hydrolysis and the simultaneous hydrolysis and 
aminolysis by glycine of carbobenzyloxy-leucyl-dibenzyl-phosphate 
(C.L.D.P.) were investigated at 25°C and at 37°C between pH =4 and 
pH=7. The reactions are first order in C.L.D.P. The dependence on the 
pH of the hydrolysis reaction is explained by assuming a spontaneous 
decomposition of hydrated C.L.D.P. molecules and a decomposition 
catalyzed by OH--ions. An indication is found for a direct attack of 
C.L.D.P. by OH--ions at higher pH. The aminolysis reaction involves 
both decomposition of the hydrated C.L.D.P. as well as of C.L.D.P. itself 
by glycine in the glycinate-(RNH,) form. The aminolysis reaction was 
demonstrated to yield the dipeptide carbobenzyloxyleucylglycine. Activa- 
tion energies and, as far as possible, probability factors were calculated 
from the data on the rate constants at 25° C and at 37° C. For the more 
complicated reactions the ratios of the P-factors of the separate reaction- 
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steps were found. Generally, low activation energies and slow and normal 
reactions proved to be involved in both hydrolysis and aminolysis processes. 
A discussion of the results is given. 


December 1956 Van ’t Hoff Laboratory 
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GEOLOGY 


FLUORINE TESTS OF 
PLEISTOCENE MAMMALIAN SKELETONS 


BY 


I. M. VAN DER VLERK 


(Communicated at the meeting of December 29, 1956) 


In 1953 Prof. Nigar, Mr. OVERWEEL and the author 4) published the 
results of an investigation of the fluorine content of twenty-eight mammal 
bones of the Netherlands Pleistocene. For this investigation the powder 
method of DEBYE-SCHERRER was employed, a BRADLEY-camera being 
used with a diameter of 19 cm. and copper K,-radiation. The fluorine- 
percentage was determined by measuring the distance between the 140 
and 004 lines. For bones of recent mammals, which mainly consist of 
hydroxylapatite, this distance proved to be 3.14 mm. In bones from the 
oldest layers of the Pleistocene the OH-ions had been replaced by F-ions. 
The hydroxylapatite was converted into fluorine-apatite. In this case the 
distance between the 140 and 004 lines appeared to be 2.76 mm. So by this 
process the lines had approached each other by 0.38 mm. The distances 
were read by means of the “universal measuring machine, model 1951” 
of the Cambridge Instrument Co., Ltd. Measured was between those 
places where the two lines are darkest. Obviously a certain subjectivity 
is unavoidable in this way. 

It was a considerable improvement when the mineralogical-petrological 
laboratory at Leiden got a GuINIER-camera at its disposal designed by 
Dr. P. M. De Wo rr at Delft. This camera has two advantages. Firstly 
it is possible to make four diagrams at a time with one film. Secondly the 
distance between the lines is greater. With powder-diagrams of bones the 
distance between the 140 and 004 lines varies from 3.80 to 3.27 mm. So 
the variation in breadth is 0.53 mm. instead of 0.38 mm. (with the Brap- 
LEY-camera). 

However, the measuring of the distance between the lines became still 
easier when a GEIGER-counter was taken into use, which gropes the place 
of the lines.?) If only hydroxylapatite is present in the bones the distance 


1) EK. Nieeu, C. J. Overweet and I. M. vAN DER VLERK, An X-ray crystallo- 
graphical application of the fluorine-dating method of fossil bones, Proc. Kon. Ned. 
Ak. v. Wetensch., Amsterdam, ser. B, 551, 538-542 (1953). 

2) For this research I was grateful to use the instruments of the mineralogical- 
petrological laboratory at Leiden. Until September 1955 this laboratory was under 
the directorate of Dr. E. Niceut, afterwards of Dr. W. P. pE Rorver. Not only 
to these two colleagues do I express my thanks, but also to Mr. A. VERHOORN, chief 
technician of this laboratory. It was he who prepared the diagrams with great skill. 
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between the tops of the curves constructed in this way appeared to be 
24.5 mm. With total transmutation of hydroxyl- in fluorine-apatite it 
amounts to 20 mm. In this case the variation in breadth is not less than 
4.5 mm. 

It seemed of interest that with this improved method of research the 
importance of the fluorine-method for the stratigraphy should be tested 
once more. For this purpose nine bones, six antlers and six molars were 
taken of mammals whose stratigraphical age was known. In this way the 
following results were obtained: 


A Bones 

Name of the fossil locality age distance 
140—004 lines 
Cervus elaphus L. Heeswijk Holocene 23 mm 
(N. Br.) 
Equus caballus L. Heeswijk Holocene 22.5 mm 
CN. Bez.) 

Coelodonta antiquitatis (BLUM). Westerschelde Tubantian 23.5 mm 
Mammuthus primigenius (BLtuM.) Hengelo (Ov.) Tubantian 22.5 mm 
Cervus elaphus L. Neede Needian 21 mm 
Dicerorhinus etruscus (FAwc,) Tegelen Tighan 21.5 mm 
Eucladoceros tegulensis (DUB.) Tegelen Tiglian 21.5 mm 
Cervus falconert DAWK. Westerschelde Praetiglian 20 mm 

B_ Antlers 
Cervus elaphus L. Veghel (N.Br.) Holocene 23.25 mm 
Cervus elaphus L. Hengelo (Ov.) Tubantian 24mm 
Cervus elaphus L. Neede Needian 22.5 mm 
Eucladoceros tegulensis (DUB.) Tegelen Tiglian 22.75 mm 
Bucladoceros tegulensis (DuB.) Tegelen Tiglhan 22 mm 
Cervus falconert DAwWK. Westerschelde Praetiglian 21.5 mm 

C Teeth 
Bos taurus L. = recent 24.5 mm 
Mammuthus primigenius (BLuM). Hengelo (Ov.) Tubantian 24mm 
Mammuthus primigenius (BLuM.) Roermond Tubantian 23.75 mm 
Mammuthus antiquus (F ALC.) Herikerberg Needian 22.5 mm 
Mammuthus meridionalis (Nest1) Tegelen Tiglian 22.5 mm 
Anancus arvernensis (Cro1z & Jos.) lerseke Praetiglian 23 mm 


Besides these mammals of Dutch localities two bones from the south 
east of France were examined. Their locality is Villefranche, where autoch- 
thonous and derived bones of mammals are found side by side. For one of 
the autochthonous bones the 140-004 distance appeared to be 23 mm. 
for one of the derived bones: 21.5 mm. 

In judging these tables several factors have to be taken into account. 
It is evident that a bone which has been bedded in a layer of sand will 
have absorbed the fluorine much faster than a bone of a contemporary 
animal whose skeleton has got into a layer of clay. In the same way bones 
of the same geological age will contain different fluorine quantities if in 
one case fluorine was rather plentiful in the ground-water, while in another 
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case the fluorine was scarce. Naturally it is also important if the water- 
table was either high or low during the time the bone was lying in the 
ground. In a former paper I gave an example of this. The bones of mammals 
found in ice-pushed sands appeared to have a considerably lower fluorine- 
content than those found in undisturbed sands. 3) 

It also has to be borne in mind that recent bones and teeth are not always 
free from fluorine. This appeared for instance when a tooth of a recent 
shark was examined. Its powder-diagram is completely the same as that 
of upper-pleistocene terrestrial animals. 

Most striking in a comparison of the tables, A B, and C are the high 
values in the last table. This suggests that the fluorine had more difficulty 
penetrating into the dentine than into antlers and bones. 

Table C is marked by a general increase of the fluorine content from 
young to old as far back as the Needian. But the molar from the older 
Tiglian, although found in clay just like the one from the Needian, has 
the same fluorine-content as the one from the Needian. The one from the 
still older Praetiglian even has a lower fluorine-content. Possibly this 
anomaly is connected with the levels of the groundwater in former times. 
It is remarkable however that with the bones and antlers there is not a 
trace of an anomaly in Tiglian-Praetiglian. However, this anomaly is 
again established when the fluorine-contents of bones and antlers from 
Needian and Tiglian are compared. 

A further review of tables A and B looks very promising for a comparison 
Tubantian-Needian. But with the Holocene this certainly is not the case. 
An explanation may be given, however, as these parts have lain in the 
ground for only ten thousand years at most. In one locality the F-ions 
will have replaced the OH-ions much faster than in another. Consequently 
the spread of the figures giving the fluorine content is much greater for 
mammalian remains from the Holocene than for those from the Pleistocene, 
since the last have lain in the ground for tens and even hundreds of 
millennia. 

Recapitulating we may say the following about the importance of the 
fluorine test: 

1. It is very useful for determining when we have to deal with a 
combination of autochthonous and derived bones at the same locality 
(bones from Villefranche).*) 

2. It certainly cannot be used to determine the age of a layer if no 
data are available concerning the lithology and the former and present 
levels of the groundwater. 

3. The fluorine content of bones and antlers is greater than that of 
teeth found in layers of similar age. 

Rijksmuseum van Geologie en Mineralogie, Leiden 

3) Nie@ert, OVERWHEEL en VAN DER VLERK, loc. cit., pp. 541-542. 


4) Cf.: I. M. van Der VuERK, Zijn er in het Pleistoceen van Nederland skelet- 
resten van de mens gevonden? Leidsche Geol. Mededelingen, 20, 1956. 


PALAEONTOLOGY 


PRELIMINARY NOTE ON THE FIRST FIND OF OVI BOS 
IN THE NETHERLANDS 


BY 


G. KORTENBOUT VAN DER SLUIUJS 


(Communicated by Prof. I. M. vAN DER VLERK at the meeting of December 29, 1956) 


On November 24, 1956 mr L. HursMAn offered a number of fossil bones 
to the Rijksmuseum van Geologie en Mineralogie at Leiden, including 
a skull of Ovibos. As this is the first find of Ovibos in the Netherlands, it 
seems desirable to give some preliminary details and the circumstances 
of the find. In a later paper I hope to give more ample information. 

The skull was dredged from the river Maas near Rossum by a suction 
dredger together with bones of Mammuthus ( Mammuthus) primigenius 
(Bium.). On former occasions mr HUISMAN provided our museum with 
bones, collected at the same place by the same suction dredger. Most of 
these bones belonged to Mammuthus (Mammuthus) primigenius (BLUM.) 
but there were also bones from Bison priscus BOJ., Coelodonta antiquitatis 
(Bium.), Cervus (Megaceros) giganteus BuuM. and Bos taurus Linn. 

It is always difficult to determine the geological age of dredged fossils, 
and often they form a mixed assemblage. In this case it is most probable, 
that the fauna should be placed in the last glacial time of the Pleistocene, 
called Tubantian by VAN DER VLERK and Fiorscnirz. Only Bos taurus 
Lin. is probably of Holocene age. The other elements of this fauna are 
often met with in Tubantian deposits in the Netherlands, as they are in 
other parts of Europe. Elements of older mamalian faunas have never 
been met with by suction dredgers in the river Maas in this neighbourhood. 
On these grounds it seems reasonable to assign Ovibos to the Tubantian. 
This is in accordance with other finds of Ovibos in western Europe. 

Although several finds of Ovibos in Europe are known, it still remains a 
rare element of pleistocene faunas. Several occurrences are known from 
Germany, most of which were enumerated by ANDREE (1933). Ovibos is 
also known from Belgium and France, where it was found as far south as 
the Dordogne. From Britain also some finds are known. Other localities 
are in Austria, Moravia, Hungary, and Bulgaria. In Russia and Siberia 
Ovibos is found in many places, some of which in the far north. As JAcoBs- 
HAGEN (1956) remarks, these last finds must date from an interglacial, for 
it is rather unlikely that Ovibos should be able to live in these northern 
parts during a glacial time. In North America also several finds of fossil 
Ovibos are known. So, during glacial times, Ovibos must have inhabited a 
large area of the northern hemisphere. Nowadays Ovibos is only living in 
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Rossum 1. Occipital view of skull. 


2. Coronal aspect of skull. 
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some places in northernmost Canada and on some islands to the north of 
Canada and on Greenland. 

From many finds, especially the older ones, the exact geological horizon 
is not known, but it seems that some finds are of early or middle pleistocene 
age. Most finds however are dated in the younger Pleistocene. So is our 
find, as stated above. Some of the finds from the early Pleistocene belong 
to the genus Praeovibos, but according to ANDRE (1933) at least in one cage 
(Obergiinzburg, Germany) Ovibos moschatus was found in an early plei- 
stocene deposit. 

According to ZEUNER (1945) the chief types of biotopes, in which 
pleistocene Ovibos lived, are tundra and loess-steppe. Nowadays Ovibos is 
living in an arctic tundra. But perhaps in pleistocene times, when its 
distribution was much more extensive, it also lived in the loess-steppe. 
Palynological investigations in the Netherlands showed elements of a 
tundra vegetation as well as those of a steppe vegetation in tubantian 
deposits. As the skull of Ovibos was found in fluviatile gravels, which can- 
not be investigated palynologically, it is impossible to tell whether this 
Ovibos lived in a tundra or in a loess-steppe. 

From our skull, as in nearly all cases, the front part is missing. Part of 
the right orbita is still present, but the left orbita has disappeared. The 
maxillaries are also missing. Of the horn-cores the bases are very well 
preserved, but both extremities are missing. The right horn-core is more 
complete than the left and only lacks a small part. The strong development 
of the horn-cores proves that the Rossum skull belongs to an adult male 
specimen. 

The taxonomy of fossil Ovibos has been much confused but ANDRE 
(1933) has been able to reduce the number of fossil species. He divides 
the fossil species in Ovibos kahrsi EDINGER, only known from the middle 
pleistocene and Ovibos moschatus. Ovibos moschatus is divided in two sub- 
species, viz. Ovibus moschatus moschatus Zimm., known from middle and 
younger Pleistocene and Ovibos moschatus wardi Lyp., known from early, 
middle and younger Pleistocene. Our skull does not resemble ANDRKE’s 
description of Ovibus kahrsi EpincsR and so belongs to Ovibos moschatus. 
Ovibos moschatus moschatus ZimM. may be distinguished from Ovibos 
moschatus wardi Lyp. by the following points: 

a. the relative longer bases of the horn-cores 

b. the relatively smaller length of the horn-cores 

c. the backside of the bases of the horn-cores protrudes over the 

occipitale 

d. the angle between the horn-cores and the upper side of the skull is 

101°— 104° against 91°—94° in the case of Ovibos moschatus wardi 
Lyp. 
In these four respects our skull resembles Ovibos moschatus moschatus 
ZimmM. So we may be sure that the Rossum skull belongs to an adult 
male specimen of Ovibos moschatus moschatus Zim. 
hyksmuseum van Geologie en Mineralogie, Leiden 
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GEOLOGY 


ON A ZIRCON WITH AN 
ANOMALOUS ABSORPTION SPECTRUM 


BY 
P. C. ZWAAN 


(Communicated by Prof. I. M. vaN DER VLERK at the meeting of December 29, 1956) 


As early as in 1866 A. H. Cuurcu discovered that zircons are charac- 
terized by a specific absorption spectrum consisting of a great number of 
sharp lines or bands spread over the whole spectrum. (see fig. 2b) 1). This 
spectrum of zircon is ascribed to uranium and may be observed more or 
less clearly in nearly every zircon, because the intensity of the lines may 
vary for different colours and localities. 

There are zircons, however, with an absorption spectrum which strongly 
deviates from the normal spectrum. 

In a recent paper by ANDERSON and PAYNE (1956) mention is made of 
certain “low-type”’ zircons showing this deviation. These are zircons 
in which the crystal lattice has been broken down by radio-active bom- 
bardment; the result is that the physical properties are lower than with 
a normal zircon. 

According to ANDERSON and Payne this deviating spectrum shows 
three broad strongs bands in the red; the first band is really a doublet 
consisting of the 6910 and 6865 A bands of the normal spectrum. The 
second is a strong band centred at 6690 A and about 100 A broad; the 
third is the 6535 A band of the normal spectrum. Of the remaining bands 
in this low-type zircon they state that some coincide with those seen in the 
normal spectrum, while others are anomalous. Further they make mention 
of only three of the many thousands of zircons they examined showing 
this ‘‘three-band”’ form. 

For clearness sake it must be added that in general the low-type zircons 
only show a single vague band in the red part of the spectrum. Now in 
the ‘Rijksmuseum van Geologie en Mineralogie” at Leiden, there is a 
zircon (No. 618) with a specific absorption spectrum which strongly 
deviates from the normal spectrum. The stone is a dark olive-green and 
is mixed cut. Its weight is 4.41 carats, the size is 10.3 9.65.6 milli- 
meters. Its specific gravity, measured with the balance, is 3.965, which 
is exceptionally low. For the refractive index 1.778 was observed on a 
Rayner refractometer, while no second reading was possible, so that the 
stone appears to have a very slight double refraction besides an abnor- 


1) The illustrations were carefully made by Mr. B. F, M. CoLuert. 
9 Series B 
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mally low value for the refractive index. From the properties mentioned 
above it is clear that the zircon belongs to the low type. 

Unfortunately its origin is unknown; in all probability however, this 
stone is from Ceylon; ANDERSON (1951) states on p. 157: “Tt will be noted, 
that the low zircons are all green and all from Ceylon.” 

Under the microscope the stone shows typical black coloured inclusions 
(see fig. 1); according to GUBELIN (1953) these angular markings and 
straight streaks are characteristic for a low zircon. In addition straight 
bands may be observed such as are often seen in natural corundum (see 
fig. 3). 

Its radio-activity was clearly demonstrated by means of an Ilford X-ray 
film (the so-called Ilfex safety-base). For thirty days the stone was laid 
on a piece of this film in the dark. After the film was developed an almost 
black spot with a vague outline appeared in the place where the zircon 
had lain. 

The absorption spectrum shown in diagram in fig. 2a has been measured 
by means of a HarrripGE Reversion Spectroscope. 

First of all in the red part of the spectrum a so-called doublet may be 
observed viz. a sharp line at 6908 A and a slightly weaker sharp line at 
6859 A. Furthermore a broad strong band occurs, also in the red, from 
6753 A to 6615 A, centred at 6683 A. Moreover one sees sharp bands at 
6473 and 6208 A, a weaker band being visible at 6009 A. In the yellow 
part of the spectrum a weak sharp line is to be seen at 5887 A, also a 
moderate strong band at 5743 A, a strong sharp band showing at 5604 A. 

The green has a few bands which together look like one broad moderate 
strong band. These bands are at 5358, 5322, 5268 and 5223 A. The first 
of these four is moderate strong, the next are somewhat weaker. 

In addition the blue part of the spectrum shows a weak line at 4961 A 
and a broad strong band at 4732 A. Finally in the violet a broad strong 
band is to be seen at 4483 A. 

When this spectrum (fig. 2a) is compared to that of a normal zircon 
from Ceylon (fig. 2b) deviations appear all over the spectrum. The broad 
band in the red in fig. 2a is striking: it is also noteworthy that the band at 
6535 A, typical for zircons, is absent in the stone in question. The bands 
in the green of the low-type zircon also strongly deviate from the normal 


Fig. 2. Absorption spectra of the low-type zircon (above) and of a normal Ceylon 
zircon (below) as seen through a diffraction-grating spectroscope. 
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P. C. ZWAAN: On a zircon with an anomalous absorption spectrum. 


Fig. 1. Angular markings and straight streaks in the stone in question. 
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spectrum. Finally in the blue and the violet (at 4732 and 4483 A respec- 
tively) in fig. 2a the two strong bands are in a position entirely different 
from that of a normal zircon. If we compare the data of this absorption 
spectrum to those by ANDERSON and PAYNE (1956) of low-type zircons, 
we see that the outcome of their investigation of the first two bands in 
the red practically agrees with ours; only in our stone the second band is 
considerably broader (138 A) than in their description (about 100 A). 
Their third band in the red at 6535 A cannot be seen in our stone. 

From these data the absorption spectrum of the zircon described above 
may be looked upon as greatly deviating, since it shows the three bands 
in the red, as meant by ANDERSON and Payns, besides having absorption 
bands in the green and blue-violet parts of the spectrum which neither 
occur in a normal zircon nor in hardly any low-type zircons. 

In conclusion mention may be made of the fact, that of the hundreds 
of zircons I investigated up to now this one is the first to show such a 
deviation. 

Ruyksmuseum van 
Geologie en Mineralogie, Leiden 
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GEOLOGY 


THE GEOPHYSICAL HISTORY OF A GEOSYNCLINE. I 
BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of December 29, 1956) 


§ 1. Introduction and Summary 


The object of this paper is to give a short summary of a geophysical 
theory about the origin and further development of a geosyncline, mainly 
based on geophysical and geological observations in island-are areas, and 
to apply it to the later development of the Alpine geosyncline (Western 
Alps) and its foreland in Europe. The writer does not feel competent to 
attack this wide subject in all its details; the following paper does not 
give more than an attempt at a geophysical contribution to it. 

In § 2 the writer will set forth how lateral compression in the crust, 
when exceeding the elastic limit, must lead to plastic downbuckling of the 
crust. At the surface gradually a geosyncline is formed in which sediments 
are deposited, and if the compression continues, these sediments undergo 
folding and overthrusting. When the crustal compression vanishes, the 
crust rises for reestablishing its isostatic equilibrium and a mountain- 
range comes into existence; if the compression period was sufficiently 
long, the range may at its surface show great folding and overthrusting. 

In § 3 several arguments are given for attributing the crustal compression 
to convection-currents in the mantle. Though no doubt the crustal con- 
traction must also have played a part, this must be subordinate to that of 
the drag exerted on the crust by mantle currents. Three important 
arguments for such currents are the facts that the way geosynclines 
originate points to uniaxial compression in the crust, secondly, that it is 
difficult to explain the forming of graben in another way than by tension 
in the crust, and thirdly, that the regression during the first part of each 
orogenic cycle and the transgression afterwards are difficult to account 
for without admitting episodic convection-currents in the mantle. All 
three facts are difficult to bring into agreement with the contraction- 
theory. In § 3 two more arguments are given which strongly point in the 
same direction. 

In § 4 the two ways are discussed which must lead to the disappearing of 
the mountain-range, viz. the erosion by ice, water and air at the surface, 
and, secondly, the melting of the root of lighter crustal matter, which 
during the period of mountain formation was pressed down in the denser 
mantle matter, and which, when becoming plastic, must flow off under 
the foreland. The latter phenomenon must lead to the lowering of the 
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range and the rising of the adjacent areas. The Alpine ranges and the 
European foreland are no doubt since long subject to both phenomena. 
Several facts will be given, which appear to be in good harmony with 
these views. We thus shall find an explanation of the origin of the Euro- 
pean ““Mittelgebirge’’ which covers many facts hitherto not accounted for. 
It likewise sheds light on the way in which the Alps have risen and in 
which the “‘Grossmulde’’, the Rhéne-Rhine depression, has originated. 


§ 2. The effect of uniaxial horizontal compression in the earth’s crust 


If the horizontal compression, supposed to be uniaxial, is less than the 
limit of elasticity — which we may perhaps estimate at 2 x 109 dynes/em? — 
the effect on the crust will be an elastic shortening according to Young’s 
constant E (101? dynes/em?), accompanied by a thickening corresponding 
to Poisson’s constant 1/m (m= 4.1). Both deformations are small and they 
will disappear again if the compression ceases. The rising of the crust’s 
surface can not have been more than a few meters. 

If, however, the compression exceeds the elastic limit, plastic deformation 
must, besides the elastic effect, occur. This must have two effects on the 
crust, both of a permanent character. In the first place a plastic thickening, 
of which we may suppose the rate to be proportional to the excess of stress 
above the elastic limit. This thickening must continue as long as the excess 
of stress is present. As we must assume it to be slow compared to the 
adjustment of the isostatic equilibrium, we may suppose this equilibrium 
to be more or less maintained. The bulge at the crust’s surface must, 
therefore, be considerably smaller than that at its lower boundary. 

As it has been first mentioned by BisLAaRD ') this state of affairs must 
bring about a second type of deformation. A vertical crustal cross-section 
is no longer symmetrical with regard to the resultant force of compression 
working in it and so the compressional stress-component can not be 
regularly distributed; at the surface it must be larger than at the lower 
boundary. Between both boundaries it must vary linearly with the depth. 
The result must be a downbending of the crust and this must increase 
the asymmetry of stress and, therefore, the velocity of downbending. 
Because of the great apparent viscosity of the crustal rocks, this is a slow 
process, but still it has the character of a downbuckling of the crust. So we 
thus have found the way how a crustal downbuckling, as the writer in 
1929 concluded to when discovering the narrow belt of strong negative 
gravity anomalies in Indonesia, can come about. 

The accelerating subsidence in the belt of deformation brings about 
that after some time the rising at the surface, caused by the crustal 
thickening, is compensated. From that time onward, the sinking more 


1) Bijlaard, P. P., Théorie des déformations plastiques et locales par rapport 
aux anomalies négatives, aux fosses océaniennes, aux géosynclinaux, etc., U.G.G.L., 
6th. General Assembly, 1936. 
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and more dominates and leads to the development of a geosyncline. It 
depends on the location of this geosyncline how much sediments are 
deposited in it. If it is situated in an ocean and far away from coasts which 
can provide sedimental matter, the amount deposited may be so small 
that the geosyncline continues to exist as a deep ocean-trench. Many 
examples are known in the Pacific, viz. east of Japan, east of Guam, east 
of New Zealand and the Tonga Islands, south of the Aleutian Islands, 
etc. In the Atlantic only two trenches are known, viz. north of Porto Rico 
and east of the South Sandwich Islands. In both cases they are situated 
near island ares, viz. the Antilles and the South Antilles, that may be 
brought in connection with the mountain ranges bordering the Pacific. 

In case the geosyncline is situated:in a continent or on the border of 
one, the syncline will be filled by sediments. If the compression continues, 
these sediments will be folded; it is easy to understand that in the central 
part of the deformed belt the shortening of the upper layer is largest. 
Gradually this shortening and the corresponding folding may grow to 
great proportions; we may call this the catastrophic stage. In case the 
geosyncline borders on a continent the deformation must be asymmetrical; 
the lowering of the oceanic side takes place at a quicker rate than on the 
continental side. This last conclusion is derived from the mathematical 
treatment of the phenomenon, for which the writer may refer to a longer 
and more detailed paper on this matter 1), The result may be understood 
by considering the fact that the continental crust is lighter than the oceanic 
one and differs, therefore, more in density from the subcrustal matter. 
This brings about, that the buckling down of the continental crust and its 
replacing the lower layer requires more energy than the downbuckling of 
the oceanic crust. 

By introducing for the crust a mean value of the apparent viscosity 7, 
of 10° poises — it may be remarked that the apparent viscosity 7 for the 
subcrustal layer of the mantle may be derived from the postglacial rise 
of Fennoscandia and that thus a value for that layer of n= 10"? poises is 
found — and by assuming that the excess of compressive stress is 2 108 
dynes/cm?, the above mentioned mathematical treatment gave the 
following table. We have used the following notations and values: 

T = thickness of the undeformed crust, estimated at 35 km 

hy = plastic thickening of the crust 

% = subsidence in the axis of an oceanic geosyncline (mean density 
oceanic crust = 3.24 corresponding to a rigid crust of 5 km basalt of den- 
sity 3.00 and 30 km olivine of density 3.27) 

2 = subsidence in the axis of a submerged continental geosyncline 
(mean density of continental crust = 2.835, this being the mean of the 
densities of 2.67 and 3.00 of two crustal layers of equal thickness, the 


1) See “The Earth and its Gravity Field” by W. HEISsKANEN and F. A. VENING 
Merrnesz chapter 10A by the second author (to appear in 1957; McGraw-Hill, New 
York). 
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granitic and basaltic. ones, respectively ; density of sea-water = 1.028; 
density of subcrustal layer = 3.27) 

% — $ho, resp. Z — 4h, subsidence of the crust’s surface in an oceanic 
geosyncline, resp. a submerged continental geosyncline. 


Table for the crustal thickening hy and for the subsidence in an oceanic geosyncline 
Z and in a submerged continental geosyncline 2); values of subsidence at the surface 
Zy— tho resp. Z —4thy 


oceanic subm. continental 
time ho 
0 Zo — ho Zo %— sho 
108 
years km km km km km 
0 0.000 0.000 0.000 0.000 0.000 
ih 1.104 0.443 —0.099 0.279 —0.273 
2 2.209 0.952 —0.152 0.599 —0.505 
3 aes: 1.531 —0.122 0.965 —0.690 
4 4.418 Zag —0.048 1.360 —0.849 
5 5.521 2.811 0.050 1.770 —0.991 
FS) 8.282 4.66 0.52 2.931 —1.210 
10 11.04 6.82 1.30 4.29 —1.23 
Le 16.57 12.24 3.96 err: —0.57 
20 22.09 19.85 8.80 12.50 1.46 
25 27.62 30.87 17.06 19.42 5.61 
30 33.14 45.42 28.85 28.58 12.01 


Examining the figures for the surface movements in the two types of 
geosyncline, we see that they both show negative values in the beginning, 
i.e. rising, but for the oceanic geosyncline this rising attains its maximum 
value of about 150 meters after about 2 million years, while for the sub- 
merged continental geosyncline it is considerably larger, viz. about 1200 
meters, and occurs only after about 9 million years. Gradually the rising 
disappears and the geosyncline begins to develop. After 15 million years 
the oceanic geosyncline has subsided to a depth of 4 km, but for the sub- 
merged continental geosyncline this depth is reached after about 23 
million years (see fig. 1). If sedimentation takes place this time is still 
larger. So we see that these computations give the result already mentioned, 
that the continental geosyncline is slower to develop than the oceanic 
trench. 

We must, however, make mention of the fact that the method of comput- 
ation is no longer precise for the larger values of subsidence. The folding 
together of the geosyncline, of which the five stages of Kuenen’s well 
known experiment (see fig. 2) give a good illustration, gradually follows 
more complicated formulas and the possible filling of the syncline by 
sediments, which under pressure are folded and overthrusted, renders the 
problem still more difficult to handle. During this whole time the central 
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part of the geosyncline is pushed down to a greater depth than would 
correspond to isostatic equilibrium and the resulting mass-defect causes a 
belt of strong negative gravity anomalies. This phase is present in the 
Indonesian Archipelago and in other island-are areas, where such belts of 
strong negative anomalies have been found. 


ee 


100 km 


Fig. 1. Plastic downbuckling and thickening of the earth’s crust by uniaxial 
compression; the crust is assumed to consist of two layers of equal thickness, 
a granitic and a basaltic one. 


When the compression diminishes and eventually comes to a stop, a 
new phase of the phenomenon develops. The crust is no longer prevented 
from readjusting its isostatic equilibrium and the geosynclinal belt thus 
rises to its equilibrium position. If the thickening of the rigid crust is 
indicated by hy and, for the case of continental areas, the mean crustal 
density by o,, and the density of the plastic substratum by o,, the elevation 
h, of the rising at the surface is given by (0,—0,,)ho/o,. For the adopted 
values, ¢,,= 2.835 and o,= 3.27, and for a crustal thickening h)= 27.62 
km, which, according to the table, corresponds to a period of plastic 
compression of 25 million years, we obtain 


(la) h,= not hy = 3.67 km. 


We find that in this way a high mountain-range originates. 

For an oceanic area the elevation is much smaller. Indicating in this 
case the quantities by an accent and adopting a value of 1.028 for the 
density of sea-water, we obtain a rising of (0, — 0, )ho/(o, — 1.028). If during 
the period of compression no sediments have in the deep sea trough 
been accumulated, we find that for an oceanic crust of 5 km basalt (o = 3.00) 


and 30 km of olivine (g@ = 3.27), which corresponds to 0, = 3.2315, the rising 
for the same value of h, of 27.62 km is 


(1b) Ree etn a 6.478 km, 
0, — 1,028 


So the submarine ridge thus coming into existence is less than 500 meters 


F. A. VENING MEINESZ: The Geophysical History of a Geosyncline. 1 
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Fig. 2. Five stages of an experiment by Kuenen; horizontal compression of 
a plastic layer of wax and parafin, floating on water. The layer consisted of 
three parts; the lowest was the most rigid, the highest the least mgid. 
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Fig. 3. Melting and flowing off of the downbuckled root. At the surface Staub’s 
profile over the Alps; viz. over the St. Bernard ‘‘nappe’’. 
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high. We thus obtain an explanation why we do not find high folded 
mountain-ranges in the central parts of the oceans. 

In this paper we shall not investigate the further history of these low 
submarine ridges; we shall here restrict us to the purely continental 
geosynclines. From what has been said it follows that if the stress-release 
in the crust leading to the readjustment of isostatic equilibrium already 
occurred at a time when the sediments in the geosyncline were not yet 
strongly folded, the mountain-range does not show much folding at the 
surface. If, however, the rising took place in a later stage, strong folding 
and overthrusting, lifted up to great height, may be present. 

Gradually also another process must occur. By the downbuckling of the 
crust a root was pressed down in the denser subcrustal layer. This layer 
has a higher temperature and consequently it is plastic. It must gradually 
communicate this higher temperature to the root. This root, moreover, 
consists of sialic matter and, therefore, has a greater radioactivity than 
the ambient subcrustal matter. So eventually the root must attain an even 
slightly higher temperature than the surrounding matter and must no 
doubt become plastic. Being lighter than this ambient matter, it must 
flow away along the lower boundary of the crust. 

We may suppose that, once the limit of elasticity of root and subcrustal 
layer is somewhere exceeded and flow is started, this flow will continue in 
the same direction as it started in. For the Alps the flow of the root appears 
solely to have taken place towards the north and west, i.e. towards the 
outside of the arc. 

Because of the flow of the sialic root material along the lower boundary 
of the crust, we can understand the fact mentioned e.g. by UMBGROVE ') 
that the voleanicity attending crustal deformation has in the beginning 
an ultrabasic character but that during the course of the phenomena it 
becomes more acid. 

Figure 3 shows a downbuckled crust and, at the surface, one of Staub’s 
profiles over the Alps, viz. one over the western part. As we must assume 
it to be at present the case for the Alps, a great part of the root is supposed 
to have already flowed away. We see how well the surface geology given 
by the profile and the hypothesis of the downbuckled crust fit together. 

The gravity field in the western part of Switzerland, after isostatic re- 
duction, shows a narrow belt of moderate negative anomalies *). This is in 
good harmony with the cross-section of the crust given in fig. 3; the cen- 
tral column consists entirely of the sialic surface layer of the crust, while on 
both sides also the basaltic “intermediate” layer is present. The localization 
of the downbuckled belt is thus revealed, it is found under the highest 
range of the Alps, i.e. the range south of the valley of the Rhone. 


1) J. H. F. Umscrove, The Pulse of the Earth p. 77 e.s. Mart. Nyhoff, 2nd Ed. 
1947. 

2) Th. NrerHamMEr, Die Schwerebestimmungen der schweizerischen geodatischen 
Kommission and Ihre Ergebnisse, Verh. Schweiz. Naturforsch. Ges. p. 1-15 (1921). 
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We shall not enter deeply here into the directions with respect to the 
axis of the compressive stress, in which geosynclines may be expected to 
originate. ByLAARD has shown that plastic deformation in a plate, which is 
thin with respect to its dimensions, must occur under an angle of about 
55° with the uniaxial stress which causes it, and this result checks with a 
great many experimental data. Applied to the earth’s crust, it is in agree- 
ment with the directions of the central parts of island-arces. It is, however, 
clear that this must bring about a considerable shear-stress in cross-sections 
of the crust, parallel to the geosynclinal belt; this shear-stress must amount 
to 0.47 [=4 sin (2x 35° 16’)] times the total compressive stress. 

As the writer has discussed elsewhere !), we may probably attribute the 
volcanic arc to this stress; as by the deformation the geosynclinal belt has 
become thicker and thus offers more resistance, we can explain that the 
shear occurs in a second are. We can well understand that this disruption 
of the crust must be accompanied by volcanicity. 

In the paper here mentioned the writer pointed out that on the wings 
of the island-arec apparently another crustal deformation occurs, which 
consists mainly of shear, though it is also accompanied by compression at 
right angles to it. The direction of the faulting makes angles of 25°— 30° 
with the compressive stress. These angles are in harmony with the direction 
in which, according to the theory of Rankine and Mohr, further elaborated 
for geology, by E. M. AnprrRson ?) and M. Kine Huppert 8), faulting 
occurs. The compression probably has mainly the character of an overriding 
of one side of the crust over the other. In the Indonesian Archipelago this 
phenomenon seems to occur in the Sumatra and the Philippine Islands 
parts of the arc. We shall not further enlarge on it. We may state that in 
the way we have here shortly indicated the curious shapes of the island- 
ares may be explained. This explanation is based on the assumption of 
uniaxial stress in the crust. 


§ 3. Mantle-currents 


Two different hypothesis have been advanced for accounting for the 
crustal deformations in geosynclines and elsewhere, the contraction hypo- 
thesis and the hypothesis of convection-current-systems of episodic charac- 
ter in the mantle, which exert a drag on the crust floating on it. Five 
arguments strongly point to the latter as the principal cause, though the 
effect of the earth’s contraction may also play its part. We shall afterwards 
discuss why the currents have episodic character. 

In the first place it is difficult to understand how contraction can lead 


") Indonesian Archipelago: A Geophysical Study, Bull. Geol. Soc. o. Amer., 
65, 143-164, (1954). 

*) E. M. Anprrson, The Dynamics of Faulting, Oliver and Boyd, 2nd Ed. 1951, 
Edinburgh. 

*) M. Kine Huspert, Mechanical Basis for certain familiar geologic Structures, 
Bull. Geol. Soc. 0. Amer. 62, 355-372 (1951). 
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to a geosyncline deformation of the crust, as mentioned in the preceding 8, 
which can only be explained by uniaxial stress. We may also point to the 
continued relative movements, always in the same direction, along faults 
like the San Andreas fault; it is clear that only mantle-currents can 
account for them. Also the great amount of crustal shortening in geosyn- 
clines is difficult to explain by contraction only. 

In the second place “graben” which can only be accounted for by tension 
in the crust, develop in the same period as, in other places, geosynclines. 
This is easy to explain by mantle-currents, but practically impossible by 
contraction. 

In the third place geomagnetic evidence points to a considerable shift 
of the poles since palaeozoic times 1). This is difficult to account for without 
assuming currents in the mantle which by their drag exert a moment 
of force on the crust as a whole and which thus bring about a movement 
of the crust with respect to the poles of daily rotation. 

In the fourth place the topography of the earth’s surface shows a 
correlation to the distribution of current-systems in the mantle 2) has 
is revealed by the development of the topographic elevation in spherical 
harmonics; the constant which is representative for the combination of 
terms of the same order of spherical harmonic shows a clear correlation 
with the equation of movement of a mantle-current of which the distribu- 
tion over the mantle corresponds to that same order of spherical harmonic. 
This correlation can be explained in the following way. 

During the differentiation of the fluid earth in the beginning of its 
history the nickel and iron was by a first order spherical harmonic current 
(running round in the whole sphere) brought to the core and the sial to 
the surface and the latter was by this same current swept together in an 
“ur” continent situated above the subsiding part of the current and 
covering about one third of the earth’s surface. We must assume that 
during the ensuing period of rest the sialic layer, which is lighter than the 
mantle-matter, consolidated but that the free surface of the mantle 
— probably consisting of olivine — still remained plastic; as consolidating 
elements of it became denser, they must have subsided and melted again. 
As a consequence of this, the following current-system, which was con- 
fined to the mantle, broke apart the “ur” continent and transported the 
parts to the areas where the currents subsided and left them there. These 
parts form the present continents which together form about one third of 
the earth’s surface. Eventually also the free surface of the mantle consoli- 
dated and thus formed the present ocean-floors. In this way we may 
understand the above-mentioned correlation of the earth’s topography 
and the distribution of currents in the mantle. 


1) §. K. Runcorn, Polar wandering, Nature 176, 422 (1955). 8S. K. Runcorn 


Palaeomagnetism of sediments, Nature 505 (1955). 
2) F. A. Ventne Metnesz, Convection-currents in the earth and the origin of the 


continents, Proc. Kon. Ned. v. Wetensch., Ser. B, 55, 527-553 (1952). 
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The episodic mantle-currents, which since originated, must have brought 
about two effects. In the first place they must have rotated the crust over 
the mantle in the way already mentioned above. The first time this occurred 
after the crust consolidated to a solid shell, must, because of the flattening, 
have caused a breaking of the crust in several blocks with fault-planes 
between. We shall not enlarge on this process, which the writer dealt with 
in a paper in the Transactions of the A. G. U. of 1947, pp. 1-61. In the 
second place geosynclines originated in the crustal belts where the com- 
pression, caused by the drag exerted by the currents, exceeded the elastic 
limit of the crust. This brought about the episodically repeating periods 
of mountain-formation. 

In view of the small amount of cooling the earth can have undergone 
during its whole age, there seems to be little reason for assuming that 
these episodically recurring current-systems have not continued up to 
the present time. Seismic, gravimetric, geologic, geomorphologic and level- 
ling data all concur in proving that such currents are actually going on. 

The last argument the writer wishes to mention in favor of the hypo- 
thesis of episodic mantle-currents refers to the regressions of the continents 
during the first part of an orogenic period and the transgressions afterwards, 
especially during the long period of rest between two orogenic cycles. 
For this purpose we shall at the same time take up the question, why the 
earth’s convection-currents have an episodic character. As Gries ') has 
first mentioned, this is caused by the plastic character of the mantle 
rocks, which implies that no flow is possible as long as the limit of elasticity 
is not surpassed; usually it is assumed that this behaviour is reasonably 
represented by the supposition that the velocity of flow is proportional 
to the excess of stress above this limit. 

This plastic state implies that cooling of the mantle from the outside, 
in causing a vertical temperature gradient, brings about instability, but 
that this can not lead to flow. This can only come about when likewise 
a horizontal temperature gradient is present of sufficient magnitude to 
cause a horizontal pressure gradient that can overcome the limit of 
elasticity. 

If by some process such a gradient is produced, flow sets in. Because 
of the extreme smallness of the temperature conduction in the earth, we 
can in this phenomenon neglect it and the result is that the velocity of 
flow accelerates during the first quarter of revolution; at that moment the 
temperature difference between the rising and subsiding columns of the 
flow has a maximum value. During the ensuing quarter of the revolution 
the flow slows down and after half a turn it stops; the matter of low 
temperature from the surface of the mantle is now below and the matter 
of high temperature from below is now on top; stability is reestablished. 

It takes a long time before the cooling at the surface and the heating 


1) Davip Griaas, A theory of mountain building, Amer. J. 0. Se. 237, 611-650 
(1939). 
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from below bring back instability and before a horizontal temperature 
gradient again starts flow. In view of the period of rest between two 
orogenic periods, this time seems to be of the order of 150—250 million 
years. As it also depends on the coming into being of a horizontal temp- 
erature gradient by some secondary process, we can well understand that 
the whole phenomenon has an episodic and not a strictly periodic character. 

From the above summary of the convection-current process it follows 
that it only makes a half-turn; if the mean velocity is of the order of a 
few centimeters per year, it must last about 40—60 million years and 
this appears to be in harmony with the geologic data. It follows likewise 
that the greatest temperature difference between rising and subsiding 
columns occurs after the flow has made a quarter turn; probably the 
second quarter turn, during which the flow — perhaps with spasms of 
motion — comes to a final stop, lasts longer. When the temperature 
difference has a maximum value, the earth’s surface must show a maximum 
rise above the rising column and a maximum subsidence above the sub- 
siding one. Because, as a consequence of the sial being more radio-active 
than the sima, the temperature below the continents may be expected to 
be higher than below the oceans, we may surmise that the rising columns 
occur below the continents and the subsiding ones below the oceans. The 
above surface movements, therefore, explain the regression of the conti- 
nents during the first part of the orogenic cycle and the transgression 
afterwards, especially during the period of rest. In these facts we have 
found another argument in favour of episodic convection-currents in the 
mantle. 


(To be continued) 
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THE GEOPHYSICAL HISTORY OF A GEOSYNCLINE. II 
BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of December 29, 1956) 


§ 4. Rising of the mountain system and effects of the erosion and of the 
melting and outflowing of the downbuckled root on the topography of 
mountain-system and foreland 


When the compression in the crust diminishes or stops, the central area 
of the geosyncline must tend to readjust its isostatic equilibrium and 
rise accordingly, thus forming a mountain-system of only one range. We 
already mentioned in § 2 that during the whole time since the development 
of the sialic root, the temperature of this root, because of two circumstan- 
ces, must slowly have become higher. In the first place it is more radio- 
active than the surrounding ultrabasic matter of the mantle in which it is 
pushed down, and in the second place this ambient matter, because of its 
greater depth, has already higher temperature than the crust and thus 
must raise the temperature of the root. Eventually, because of its greater 
radioactivity, the root-temperature must attain to a slightly higher value 
than that of the surrounding ultrabasic matter. So no doubt the root 
must become at least as plastic as the subcrustal layer. Being lighter, it 
must flow out along the lower boundary of the crust. Consequently the 
foreland must rise. 

We shall now examine this process more in detail and apply it to the 
western part of the Alps and their foreland. We know that the gravity 
anomalies as well as the geological profiles indicate that, as we might 
expect it, the main range of the Alps is their highest range, viz. the range 
south of the Rhéne-Rhine depression. According to KoBER') great folding 
especially occurred in the end of the jurassic and the middle of the oligocene 
(i.e. about 120 million years, and 35 million years, respectively, ago). 
A. PrncK*) dated the beginning of the rising of the main range of the 
Alps towards the end of the oligocene (i.e. about 30 million years ago), 
and that of the second range to the north of the Rhéne-Rhine depression in 
the beginning of the pliocene, i.e. about 15 million years ago. All authorities 
agree about the fact that the rising of both ranges stil continues, or at least 
has continued till in the pleistocene. 

Allowing some uncertainty about these figures, there can not be much 
doubt about the fact that in the period of the rising of the main range 
a great part of the folding, which up to now has happened, had already 


*) L, Koper, Bau und Erstehung der Alpen (Berlin, 1923). 
*) A. Pencx, Das Antlitz der Alpen, Die Naturwiss. 12, Heft 47 (1924). 
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taken place. We may, therefore, assume that the crust had, at that time, 
already undergone a shortening of at least 200 km. The downbuckled crust 
must, therefore, have assumed a shape as given by the hatched line in 
fig. 3, which corresponds to a shortening of about that amount. 

According to the principle of isostatic readjustment, the rising of the 
main range during this period of decrease of crustal compression must 
bave been accompanied by the subsidence of the “foreland”. This is in 
good agreement with the geological and geomorphological evidence; 
during this period the broad molasse trough to the north of the main 
range and of a depth attaining as much as 3000m originated, and was 
filled by molasse, i.e. by the erosion products of the range. The evidence 
shows that this process took a long time and that the rising of the 
range was slow and gradual; the erosion products indicate that the range 
slowly developed from low elevations and small grades to the forms of a 
higher mountain range. 

Gradually the melting of the root must have led to the flowing off of 
the major part of this root and in the western Alps this appears to have 
exclusively occurred towards the outside of the Alpine arc, as in figure 3 is 
indicated by the arrow. Two causes for this direction may be tentatively 
suggested. In the first place, according to the laws of the hydrodynamics 
of viscous fluids, the resistance in this direction is less than towards the 
inside of the arc; in the first direction the cross-section of the flow gets 
broader for greater distances from the root, while for the flow towards 
the inside the cross-section becomes narrower. 

In the second place the mantle-current causing the Alpine geosyncline 
may well be supposed to rise below the Eurasiatic-African continent and 
to flow off towards the outside, which in this area means towards the 
north-west. If present, this flow must further the flow of the plastic 
rootmatter and decide its direction. 

Further shortening of the crust, which because of the possible continu- 
ation of tectonic forces has perhaps since occurred, can not appreciably 
have modified the character of the phenomenon. In view of the present 
topography the actual root must more or less correspond to that given 
by fig. 3, and an increase of shortening has mainly increased the outflow. 

The outflow of the root must have had three effects. In the first place 
the drag exerted by the flow must relieve the compression in the central 
area of the geosyncline and, in the adjacent area, increase it. 

In the second place, because of the curvature of the arc, the outward 
flow must bring about tension in a direction at right angles to the flow, 
i.e. parallel to the arc. Because of the earth’s curvature the uplift of the 
crust brought about by the underflow of crustal material, which we shall 
presently examine under the third heading, causes also tension, but it is 
easy to show that this effect is small; for an uplift of 1 km. the tension 
only amounts to about 300 kg/cm?. 

In the third place the flow has affected the isostatic equilibrium of the 
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crust. During the period of the rising of the main range, the coherence of 
the crust —which in that period may be supposed to be still subject to 
a remnant of the original compression — has probably been sufficient for 
giving this equilibrium a regional character. The history of the folding and 
overthrusting can explain a high elevation in the central area, but under 
these circumstances the adjacent belts must also have been uplifted. The 
morphological history of Switzerland confirms the existence in that period 
of only one range; the rivers flowed in directions more or less at right 
angles to this main range, i.e. in north-north-west direction. 

For the isostatic adjustment to the new situation brought about by 
the outflow of the molten root, the tension in the central area of the geo- 
syncline, mentioned above, must have caused a more local adjustment. 
Examining fig. 3, we see that this not only means a further rise of the 
main range but also a strong rise above the area beside the root 
where the molten root matter is thickest, and this exactly corresponds 
to the rising of the second Alpine range, which is situated north of the 
Rhone-Rhine depression. That according to geomorphological data this 
depression was already there before the rivers deepened it, agrees well 
with the fact that the root-column below it mainly contains basaltic 
material which has greater density than the sialic material in the central 
column, which is located under the main range. According to fig. 3 
the rising north of the second Alpine range, which must have been pro- 
portional to the thickness of the layer of outflowing rootmaterial— for 
simplicity sake we here suppose its density to be constant —must 
decrease in north-northwestward direction. This means a fairly strong 
falling off of the elevation north of the second Alpine range and a slower 
diminishing further north-northwestwards. This whole picture fits the 
geomorphological history in a remarkable way. According to the period of 
rising of the second Alpine range, which we have mentioned above, we 
may date the root-melting and its flowing away in the beginning of the 
pliocene, ie. about 15 million years ago, and continuing up to now. 

We may probably suppose that the outflow of the molten root matter is 
the cause of the rising of all the European ‘‘Mittelgebirge”’, which continue 
northwards up to the southern part of the Netherlands. As in a previous 
paper !) the writer already pointed out, the total matter represented by 
the thickening of the crust in the Alps and the “Mittelgebirge” together 
checks well with the amount of crustal matter corresponding to the 
shortening of the crust over about 250 km. If we assume the breadth of 
the high Alps at 150 km and of the Mittelgebirge—of which the mean 
length may be estimated at double that of the Alps—at 600 km, and if 
we put the mean elevations at 2.5 km and 0.6 km, respectively, we get an 
excess of mass above sea-level per km length of the Alps of 


F=150x 2.5+ 2 x 600 x 0.6 = 1095 km?. 


1) KF. A. Ventne Mervesz, Earth-crust movements in the Netherlands resulting 
from Fennoscandian postglacial isostatic readjustment and Alpine foreland rising, 
Proc. Kon. Nederl. Akad. v. Wetensch. Ser. B, 57, no 1, 142-155, (1954). 
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Using the slightly more detailed figures for the crust we have introduced 
in this paper, a shortening of the crust in the Alps over 250 km provides 
an excess of mass per km length of 35 x 250 =8750 km? and, if we assume 
mean densities of crustal and subcrustal layers of 2.835 and 3.27, respect- 
ively, we find that according to isostasy the 0.435/3.27=1/7.517th part 
of this excess may be expected to be situated above sea-level. This amounts 
to 1164 km’. The disappearing of the small excess over the value of 
F can easily be attributed to erosion, and to the transport by means of 
rivers of the eroded matter to the sea or to the low land outside the area 
considered. So this rough computation confirms the view taken above 
that the Alps with the “Mittelgebirge” and their roots can account for 
the main part of the excess of crustal matter brought about by the com- 
pression of the crust over 250 km. 

For explaining the flowing of the root-matter over such large distances, 
we must probably assume that it was carried along by the mantle-current 
already mentioned. We can well understand that thus over the whole area 
of the “‘Mittelgebirge” the crust —as a consequence of the are’s curvature — 
must have been subject to tension in a direction at right angles to the flow, 
in the same way as we have already discussed. This conclusion likewise 
appears to check with the facts. The Upper Rhine-graben has no doubt 
been caused by tension in the crust in a direction at right angles to the 
graben, and the same has probably been the case for the Lower Rhine- 
graben to the north of the “Siebengebirge”’. The volcanicity of this moun- 
tain system, as well as the recent volcanicity of the Eiffel area, can thus 
also be accounted for. 

The rising of the “‘Mittelgebirge” has been studied in many papers by 
STILLE +), STEVENS * 3), Jonus *), Hans Choos *) and several other authors. 
We may especially mention the paper by the latter, who showed that many 
important features can be explained by the upward doming over a dia- 
meter of 350 km of a great area north of Switzerland, thus causing the 
Rhine-graben to subside and bringing about the volcanicity of the Eiffel, 
the Neuwieder Becken, the Siebengebirge, the Westerwald, the Vogelsberg, 
the Rhoén, near Hildburghausen, near Bayreuth, of the Kaiserstuhl, the 
Hegauvolcanoes, the Uracher Maar area, and the Nordlinger Ries. 

We may assume that the flow of the root-matter divides itself in more 
or less different currents flowing beside each other. The friction exerted 


1) H.Srinue, Oro- und epirogenetische Bewegungen der Erdkruste in Zusammen- 
hang mit der Seismizitaét Zentralasiens und Norddeutschlands, Acad. d. Se. de 
VPU.R.S.S. 32, 97-115 (1932). 

2) CH. Strvens, L’étude des relations tectoniques du relief ardennais et ses 
difficultés, Bull. Soc. Roy. Belge de Géographie 1—11, (1943-1945). 

3) Cu. Stevens, Les gauchissements épirogénétiques du sol belge, Rev. d. Quest. 
(1945), Scient. 1947, 225-249 (1947). 

4) L. Jonus, Les premiers résultats de la comparaison du deuxiéme nivellement 
général (1948) avec les nivellements anciens, Bull. Soc. Belge Géol. 59, 156-162 (1950). 

5) H.Cioos, Hebung-Spaltung- Vulkanismus, Geol. Rundschau 30, 405-527 (1939). 
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by them on the crust may be responsible for the slight seismicity still 
present in Belgium, the Netherlands and Northern Germany. The energy 
is evidently too small for bringing about important orogeny with folding 
and overthrusting. 

The frontal edge of the subcrustal currents is probably not thinning 
out like a wedge, but we may assume it to have a certain thickness. As the 
crust is not likely to break above the edge, we must expect slight positive 
gravity anomalies in front of the edge and slight negative anomalies 
behind it. This leads to the supposition that the east-west belt of positive 
anomalies through the middle part of the Netherlands, which otherwise is 
difficult to understand, may be identified with the belt in front of the flow, 
and that the edge is found below the depression through which the Rhine 
and the Waal take their course towards the west. If this is one advancing 
current-lobe, another one may perhaps be located under the rising area 
in the direction of Thourout (Stevens, 3, p. 236). Between both lobes we 
find the depression of the Schelde and Demer valleys, continuing in Zea- 
land, where we find positive gravity anomalies. 

Concluding, it may be stated that the geological, the geomorphological, 
the geophysical and the vulcanological evidence appears to be in good 
harmony with our hypothesis. 

Gratefully I wish to acknowledge the valuable help for getting together 
this evidence, given me by my colleague, Dr. J. B. L. Hol, professor of 
physical geography and geomorphology at the university of Utrecht. 


BIOCHEMISTRY 


THE ISOLATION OF A TYROSINE-ACTIVATING ENZYME 
FROM BAKER’S YEAST. 


A PRELIMINARY NOTE 3), 2) 
BY 


Vv. V. KONINGSBERGER, A. M. VAN DE VEN anp J. Tu. G: OVERBEEK 


(Communicated at the meeting of March 30, 1957) 


In the recent literature, considerable attention is being paid to amino 
acid-activating enzymes of the type described for the first time by 
HoaGLanp [1, 2] about two years ago. These enzymes catalyze an amino 
acid-dependent exchange reaction resulting in the incorporation of radio- 
active PP into ATP according to: 


ee re A PP Pe 


+ amino acid 


as well as the formation of amino hydroxamic acids according to: 
ATP + amino acid + hydroxylamine — amino hydroxamic acid -+ AMP + PP 


Hydroxylamine should not be considered as a ‘“‘natural acceptor” of the activated 
amino acid; it is used in very high concentrations as a trap, providing a rather 
easy determination of enzymatic activity. 


The presence of amino acid-activating enzymes has been demonstrated 
in animal tissues [1, 2, 3] as well as in micro-organisms [4, 5, 6]. A tryp- 
tophan [3]—and a methionine [6]—activating enzyme have been highly 
purified; their interaction with the amino acid-substrate seems to be 
rather specific. Therefore, a study on the activation of other amino acids 
may be helpful in any attempt to get more information about the possible 
relation of this type of activation reactions with the biosynthesis of 
proteins. 

Following the hydroxamate formation as an easily determinable 
measure of the enzymatic activity, we have obtained a reasonably pure 
tyrosine-activating enzyme preparation from extracts of ether-CO, frozen 


baker’s yeast. 


Freshly obtained baker’s yeast is frozen for 3-4 hours in ether-CO, and extracted 
in the cold after the addition of 11.2 gr KCl per 1000 gr yeast. Subsequently, this 
extract is subjected to the following steps for purification: dialysis, ammonium 


1) This work was supported in part by a grant from the Netherlands Organisation 


for Pure Research (Z.W.O.). 
2) The following abbreviations will be used: ATP adenosine triphosphate; 


AMP adenosine monophosphate; PP inorganic pyrophosphate. 
10 Series B 
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sulfate fractionation at pH 5.3 and pH 4.5, adsorption of impurities on Ca-phos- 
phate gel, short dialysis and precipitation of impurities with protamine sulfate 
followed by ammonium sulfate fractionation at neutral pH. All ammonium sulfate 
fractions were collected at about 0.5—0.6 saturation. 


The combined results of electrophoresis- and ultracentrifuge experiments 
with an enzyme preparation that had been purified 50-fold with respect 
to the first particle-free supernatant indicated that the enzyme was about 
70 % pure at that stage of the isolation procedure. This is illustrated in 
figs. 1 and 2. The ultracentrifuge pattern of this preparation shows the 
presence of four components, the major one consisting of about 70 a 
of the total protein (figs. 1A, 1B). 

A very similar pattern was obtained with this preparation in the same 
buffer solution in a Lers Micro-Electrophoresis apparatus. In addition, 
it could be proved that the enzymatic activity is associated with the 
major component by a paper electrophoresis experiment as drawn 
schematically in fig. 2. 

A full account of the isolation procedure and a description of the 
properties of the enzyme will be published later. 


ninhydrin-lopproximate %o|lyrosine- 


positive of total Aydroxamate 


mareria! |ninhyorposmoafformation 


Ta ga ae ps ee aa ; ‘ E Soe as 
Fig. 2. Schematic outline of a paper electrophoresis experiment indicating that 


the enzymatic activity is associated with the major component. A 50-fold purified 
preparation (see text) in 0.01 m phosphate buffer (pH 6.8) solution was subjected 
to electrophoresis on Whatman no. 3 filter paper for 17 hours at 120 Volt. 


V. V. KONINGSBERGER, A. M. VAN DE VEN AND J. To. G. OVERBEEK: 


The isolation of tyrosine-activating enzyme from baker's yeast 


A B 


Fig. 1. Ultracentrifuge patterns for a 50-fold purified enzyme preparation (see 
text) in a 0.10 m KCl — 0.01 m phosphate buffer (pH 6.8) solution at 56.100 Tees 
and about 18°. A, After 27 min.; bar-angle 50°. B. After 46 min.; bar-angle 50°. 
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BIOCHEMISTRY 


POSSIBLE INTERMEDIATES IN THE BIOSYNTHESIS OF PRO- 
TEINS: EVIDENCE FOR THE PRESENCE OF DIALYSABLE 
CARBOXYL ACTIVATED PEPTIDE NUCLEOTIDE COMPOUNDS 
IN EXTRACTS OF BAKER’S YEAST. 
A PRELIMINARY NOTE 4) 


BY 


V. V. KONINGSBERGER, Cur. O. VAN DER GRINTEN anp 
J. TH. G. OVERBEEK 


(Communicated at the meeting of April 27, 1957) 


During the course of a study on the enzymatic carboxyl group activation 
of tyrosine [1] it was found that the dialysis liquid of crude extracts of 
ether-CO, frozen baker’s yeast yields a fairly high ferric hydroxamate 
colour after a short incubation with saltfree hydroxylamine followed by 
the addition of an acidified FeCl, solution. As this finding looked rather 
interesting, a concentrated solution was prepared by freeze-drying the 
dialysis liquid of saltfree extracts of ether-CO, frozen freshly obtained 
pressed baker’s yeast. The experiments performed with this solution and 
the preliminary results obtained can be summarized as follows: 


Paperchromatography: An almost instantaneous ferric hydroxamate 
colour was obtained upon incubation of the concentrated dialysis solution 
with saltfree neutralized hydroxylamine for 2-10 minutes at room 
temperature. However, the intensity of this colour would increase con- 
siderably when the reaction was allowed to take place for a few minutes 
at 100° C. 

Consequently, a reaction mixture containing the concentrated dialysis 
solution and saltfree hydroxylamine (pH 7) was kept at 100°C for 5 
minutes, freeze-dried and extracted with a 60% ethanol—40 % H,O 
mixture. These extracts were subjected to paperchromatography on 
Whatman Nr 1 filter paper with n-butanol-acetic acid-water as the solvent; 
after development with FeCl, solution usually 5-7 distinct ferric hydro- 
xamate spots were obtained. Moreover, before adding FeCl, three of 
these spots could be detected rather easily by their bright blue and violet 
fluorescence in the U.V. The hydroxamic acid containing spots were 


') This work was supported by the Netherlands Organization for Pure Research 
(ZaVVEOs) 


145 


eluted, hydrolyzed for 4-6 hours with 6 N HCl, freeze-dried and run in 
separate paperchromatograms with the same (But OH-HAc-H,0) solvent. 
The chromatograms showed 5-10 ninhydrine positive spots, indicating 
that the isolated hydroxamates were peptide—rather than amino acyl 
hydroxamates. No fluorescence was observed in chromatograms of the 
hydrolyzed compounds. 


Paper-electrophoresis: 50 °%, ethanol-50 % H,O extracts of the freeze- 
dried dialysis solution were subjected to paper-electrophoresis on Whatman 
Nr 3 filterpaper in 0.02 m citrate buffer solution (pH 3.9). The starting 
line was taken in the middle of the paper. After 16 hours of electrophoresis 
at 10 Volt/em, most of the nucleotide material had migrated into the 
direction of the anode, as was determined by extinction measurements 
in the U.V. However, a very high and distinct increase in the 260 my 
absorption was found at the other side of the starting line, right at the 
spot that showed the ferric hydroxamate colour after spraying with 
saltfree hydroxylamine and ferric chloride solution. This phenomenon 
was not observed in a similar experiment with an extract that had been 
prae-incubated with hydroxylamine; a distinct increase in the 260 mu 
absorption was found on the starting line or a little into the direction of 
the anode. Moreover, the typical U.V. absorption spectrum of nucleotides 
and nucleic acids was found in the eluate of the same spot, indicating 
that the hydroxamate forming compound may contain nucleotide 
material. 

Finally, the blue and violet fluorescence was also observed at this 
spot, indicating that the hydroxamic acid forming peptides are present 
as such before the incubation with hydroxylamine. 

These experiments suggest strongly that the concentrated dialysis 
liquid contains peptides that are bound to nucleotides by a high energy 
bond involving the carboxyl-group. 

Any further conclusion from the preliminary results described above 
should be drawn very cautiously. The peptide material may have been 
formed by a condensation reaction between individual nucleotide bound 
activated amino acids during the isolation procedure. 


Moreover, as the hydroxamate reaction is not a very sensitive one, it is quite 
possible that apart from the 5-7 peptide-hydroxamates found by paperchromato- 
graphy, more compounds of the same nature are present in the dialysis liquid. 


Our findings seem to be in good agreement with those published quite 
recently by Hoaeianp c.s. [2]. These authors found that in rat liver 
extracts ‘‘a low molecular weight ribonucleic acid”? would function as 
an acceptor for enzymatically activated amino acids, forming an inter- 
mediate (ferric hydroxamate yielding) complex. Their finding and the 
preliminary results described above may indicate the actual occurrence 
of carboxyl-group activated amino acid nucleic acid compounds of the 
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type assumed about four years ago [3] in a hypothesis concerning the 
biosynthesis of proteins. 


Van ’t Hoff Laboratory, 
University of Utrecht 
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CHEMISTRY, ORGANIC 


THE USE OF SILVER PHENYL BENZYL PHOSPHATE FOR THE 
SYNTHESIS OF MONOPHENYL ESTERS OF PHOSPHATIDIC ACIDS 


(Preliminary Communication) 
BY 


P. E. VERKADH, L. J. STEGERHOEK, anp 8S. MOSTERT Pzn 


(Communicated at the meeting of March 30, 1957) 


HeEsseL, Morton, Topp, and VerRKADE!) have shown that dibenzyl 
esters of «-glycerophosphatidic acids I (D=acyl group), when shaken at 
room temperature in an ethanolic medium with hydrogen under slightly 
more than atmospheric pressure in the presence of a palladiwm/active 
carbon catalyst according to VERKADE, CoHEN, and VROEGE”) are 
smoothly hydrogenolyzed; 2 moles of hydrogen per mole of ester are 
rapidly absorbed, resulting in the formation of the corresponding phospha- 
tidic acids and toluene. As was subsequently found in our laboratory, 
the same applies to the dibenzyl esters of glycolphosphatidic acids. 

In contrast with this, UHLENBROEK and VERKADE *) found that diphenyl 
esters of «-glycerophosphatidic acids II (D =acyl group) remain unchanged 
under identical experimental conditions. In this case, however, it was 
found possible to effect the hydrogenolysis by the use of a platinwm|/active 
carbon catalyst; in the course of a few hours 8 moles of hydrogen per 
mole of ester are then absorbed, resulting in the formation of the cor- 
responding phosphatidic acids and cyclohexane. Previously it had already 
been established by vAN DER NeuT, UHLENBROEK, and VERKADE *) that 
the hydrogenolysis of the diphenyl esters of glycolphosphatidic acids can 
be carried out with platinum/active carbon, but not with palladium/active 
carbon, and also with platinum dioxide according to ADAMS c.s., but 
not with palladous oxide. 

The cause of this difference in behaviour between palladium and 
platinum catalysts is in all probability that the hydrogenolysis cannot 


1) L. W. Husszz, I. D. Morton, A. R. Topp, and P. E. VeRKADE, Kec. trav. 
chim. 73, 150 (1954). 

2) Pp, E. VeRKADE, W. D. COHEN, and A. K. Vrorge, Rec. trav. chim. 59, 
1134 (1940). ; 

3) J. H. UHLENBROEK and P. E. VerKape, Rec. trav. chim. 72, 395 (1953). 

4) J. H. van DER Nevt, J. H. Untensroek, and P. E. VerKADsE, Rec. trav. 


chim. 72, 365 (1953). 
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take place until after hydrogenation of the phenyl group and the latter 
process only proceeds with platinum catalysts like those mentioned. 


cH,o—P/OCH:Ph cy,o—p(OPh 
Q SOCH,Ph i Q SOPh a aie 
D ROP —> RO—P 
jane is Q SOCH,Ph 0 OH 
CH,OD CH,OD 
I ia ia IV 


The question, of course, occurred to us how phenyl benzyl esters of 
phosphatidic acids IIT, naturally with a R—O linkage that is not hydro- 
genolyzed under the appropriate experimental conditions, will behave 
when treated with hydrogen in the presence of a palladium catalyst. It 
was to be expected that the benzyloxy group alone will be attacked and 
that consequently monophenyl esters of phosphatidic acids IV will be 
formed. This was actually found to be the case. Thus, for example, starting 
from the compounds V-VII (Pa = palmitoyl; St =stearoyl; Be = behenoyl), 
by shaking at room temperature in an ethanolic medium with hydrogen 
under slightly more than atmospheric pressure in the presence of a 
palladium|active carbon catalyst according to VERKADE, COHEN, and 
VROEGE 2) or a similar catalyst, the corresponding monophenyl esters 
VIII-X were obtained in yields of about 90 %. Per mole of ester 1 mole 
of hydrogen is absorbed in the course of a few minutes, after which, even 
upon several hours’ continued shaking, no further absorption of hydrogen 
is to be observed. 


, /OPh . 

.) 4 OPh CH,O—P CH,OP 
CH,O—F« ncH.Ph | * 0 >OCH,Ph gia ° 
se ey : CHOSt drto_pvOPh 

aU be | 0 “OCH,Ph 

CH,OSt CH,OPa 
Vv VI vu 
OPh 
/OPh CH,O—P< CH,OP 
CH,O—PCO 10—*\OH i 10Pe 
H,OBs CHOSt CHO—PC 
O 
CH,OSt CH,OPa 
vu IX x 


It should be noted that as a rule this method of preparation of the 
monophenyl esters in question is obviously and unfortunately confined 
to such compounds as contain no component acids which can be reduced 
under the conditions of the hydrogenolysis, for example an unsaturated 
fatty acid (oleic acid, etc.). Since unsaturated fatty acids play an important 
part as component acids of naturally occurring phosphatidic acids, 
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phosphatides, etc., we have investigated whether the catalyst according 
to Linpiar *), which is accepted not to cause hydrogenation of double 
bonds, can be used for the preparation of monophenyl esters of phos- 
phatidic acids with unsaturated component acids. This appeared not to 
be the case; in the presence of this catalyst (palladium-lead) no hydro- 
genolysis of the benzyloxy group takes place. 

As a consequence of the above suggestion with regard to the presumable 
cause of the difference in behaviour between palladium and platinum 
catalysts it would seem probable to us that phenyl cyclohexyl esters of 
phosphatidic acids will also be found suitable for the preparation of 
monophenyl esters by the method described. This possibility we hope 
shortly to investigate. 


As one of the two starting products for the synthesis of phenyl benzyl 
esters of phosphatidic acids, silver phenyl benzyl phosphate is required. 
In order to prepare this compound, dibenzyl hydrogen phosphite is oxidized 
with sulphuryl chloride to dibenzyl chlorophosphate (= dibenzyl phospho- 
rochloridate), and the latter in the crude state is brought into reaction 
with anhydrous potassium phenolate, as a result of which phenyl dibenzyl 
phosphate is produced; when the latter compound is boiled with anhydrous 
sodium iodide in acetone solution ®), sodium phenyl benzyl phosphate is 
obtained, which is converted in the usual manner into the silver salt. 
In dry condition the colourless silver salt is very stable. It had previously 
been prepared already in a slightly different way by BADDELEY, CLARK, 
MiIcHALSKI, and Topp ‘*). 

The other starting product is a halogeno compound of appropriate 
structure. Thus, for the synthesis of the phenyl benzyl esters of the 
phosphatidic acids V—-VII given as examples the compounds XI-XIII 
were used as such. Monoacid (and also diacid) diacylglycerol-f-iodohydrins 
(e.g. XIII) have not yet been described in the literature; the former 
substances can be readily obtained by the reaction between glycerol- 
f-iodohydrin 8) and acyl chloride in the molecular proportion of 1:2 in 
the presence of anhydrous pyridine. 


CH,I CH,OPa 
CH,l CHOSt bn 
CH,OBe CH,OSt CH,OPa 
a) xy XIII 


5) H. Linpuar, Helv. chim. acta 35, 446 (1952). 

¢) L. Zervas and I. Dmaris, J. Am. Chem. Soc. 77, 5354 (1955). 

7) J. Bappretey, V. M. Cuark, J. J. MICHALSKI, and A. R. Topp, J. Chem. 
Soc. 1949, 815. 

8) L. W. Hessex, O. E. van LOHUIZEN, and P. E. VerKape#, Rec. trav. chim. 


73, 842 (1954). 
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The desired phenyl benzyl esters of phosphatidic acids are obtained in 
yields of 80-85 % by the reaction between perfectly dry silver phenyl 
benzyl phosphate and a boiling solution of the appropriate halogeno 
compound in a neutral medium, usually dry benzene. The iodine atom 
of compounds of type XIII reacts much more slowly than that of com- 
pounds of type XI or XII. This is another example of the well-known 
difference in reactivity between substituents in a- or /-position in glycerol 
or its derivatives. 


If phenyl benzyl chlorophosphate (=phenyl benzyl phospho- 
rochloridate) were available, the phenyl benzyl esters of phosphatidic acids 
might also be prepared by the reaction between the first-mentioned 
compound and the appropriate hydroxy compound in the presence of dry 
pyridine. For the preparation of the compounds of types V-VII a 
monoacylglycol, an «f-diacylglycerol, and an ay-diacylglycerol respectively 
would then have to serve as starting products. Unfortunately, we have 
not, however, succeeded so far in preparing phenyl benzyl chlorophosphate 
in a pure state. 


The monophenyl esters of phosphatidic acids of types VIII—X hitherto 
prepared by us are colourless, readily crystallizing substances, which are 
not quite stable, not even with careful exclusion of moisture; the melting 
point is gradually lowered and the smell of phenol develops. 

Upon titration in alcoholic solution with dilute aqueous alkali hydroxide, 
using phenolphthalein as indicator, the substances behave as monobasic 
acids; the equivalent weights found were in very good accordance with 
those calculated. 

When the monophenyl esters, dissolved in dioxan, are shaken with 
hydrogen under slightly more than atmospheric pressure in the presence 
of a platinum/active carbon catalyst according to UHLENBROEK and 
VERKADE *), 4 moles of hydrogen per mole of ester are slowly absorbed 
and the corresponding phosphatidic acids are obtained in very good 
yields. The reaction products were found to be identical with those which 
are formed upon complete hydrogenolysis of the corresponding diphenyl 
esters, dibenzyl esters or phenyl benzyl esters, as was hardly to be other- 
wise expected. 


The phenyl benzyl esters and the monophenyl esters of phosphatidic 
acids hitherto prepared by us all have sharp melting points. This applies 
also to the esters of types VI and IX respectively; thus, for example, 
the phenyl benzyl ester of Sy-dipalmitoylglycerol-«-phosphoric acid melts 
at 42-43° and the monophenyl ester of fy-dipalmitoylglycerol-a-phos- 
phoric acid at 54.5-55.5°. This fact calls for a slightly more detailed 
discussion. | 


The molecule of a phenyl benzyl ester of type VI contains two asym- 
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metrical atoms, namely, the central carbon atom of the glycerol moiety 
and the phosphorus atom. Upon reaction of silver phenyl benzyl phosphate 
with a synthetic, i.e. racemic, by-diacylglycerol-x-iodohydrin the formation 
of two diastereoisomeric phenyl] benzyl esters of type VI, each a racemic 
mixture or a racemic compound of two optical antipodes, is therefore to 
be expected. In this connection reference is made in passing to recent 
work ®) on the resolution of compounds containing tetracovalent phos- 
phorus, which are more closely related to those with which we are at 
present concerned than the phosphorus compounds formerly resolved; 
it is beyond doubt that these phosphorus compounds behave “normally” 
in stereochemical respect. The fact that we invariably isolated a sub- 
stance with a sharp melting point in a yield of 80-85 % may therefore 
undoubtedly be interpreted in the sense that one of the diastereoisomeric 
phenyl benzyl esters at least is formed in a highly preponderating degree. 

With the corresponding monophenyl esters of type IX the situation 
is doubtful. In our opinion it may be regarded as certain that in the 
anion of these monobasic acids the phosphorus atom has two equal 
valencies, 7.e. is not asymmetrical. However, this implies by no means 
that this must also be the case with the acids, particularly in the crystalline 
state, 2.e. that here the possibility of the existence of two diastereoisomers, 
each a racemic mixture or a racemic compound of two optical antipodes, 
is to be ruled out. Indeed, questions about crystal structure, bonding 
around the phosphorus atom, possible occurrence of tautomerism, etc. 
here suggest themselves, to which no answers can as yet be given. It 
may now suffice for us to have made the above short remarks. They 
apply, among others, also to ~-phosphatides and to f-phosphatides with 
two different fatty acids as component acids; it is curious that —at least 
as far as we are aware—the stereochemistry of these compounds has 
never yet been regarded in this light. 

The fact that in the hydrogenolysis of the phenyl benzyl esters of 
type VI we invariably isolated in a yield of about 90 °% a substance 
with a sharp melting point may undoubtedly be interpreted to imply 
that the monophenyl esters of type LX obtained by us are homogeneous. 


Starting from the monophenyl esters of types VIII-X, colourless silver 
salts which are very stable, even when exposed to light, can be obtained in 
very good yields, either by treatment of an acetone solution of the ester, 
v.e. the monobasic acid, with an aqueous solution of silver nitrate or in 
the more usual way wa the sodium salt. The silver salts can be very 
readily recrystallized from certain organic solvents, for example from 
absolute ethanol. 


9) D.M. Cornz, W. E. McEwen, and C. A. VanperWerrF, J. Am. Chem. Soc. 
78, 3061 (1956); K. L. Marsr, C. A. VANDERWomRE, and W. EH. McEwen, ibid. 78, 
3063 (1956). 
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The monophenyl esters of phosphatidic acids and the silver salts 
derived therefrom are very suitable starting materials for further syntheses, 
e.g. of pyrophosphatidic acids, (mixed) bisphosphatidic acids, certain types 
of (x- and f-)phosphatides and lysophosphatides, ete. It is beyond the 
scope of this preliminary communication to go into this more in detail. 


Laboratory of Organic Chemistry, Technical 
University, Delft, Netherlands. 


PALAEONTOLOGY 


REMARKS ON GIGANTOPITHECUS AND OTHER HOMINOID 
REMAINS FROM SOUTHERN CHINA 


BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of April 27, 1957) 


It is now 22 years ago that in the Proceedings of this Academy I 
announced the discovery of a new giant anthropoid, Gigantopithecus 
blacki. The type specimen, a worn last lower molar, was obtained 
from a Chinese drugstore in Hongkong, together with a large number 
of teeth belonging to fossil orang and other Pleistocene mammals. Up to 
1939 three more gigantic molars from drugstores in Hongkong and Canton 
had come to light, of which two, an upper and a lower one, are practi- 
cally unworn. The cusps are blunt and swollen, but the general pattern 
is very close to that found in human molars. For that reason WEIDENREICH, 
who in 1937 had regarded Gigantopithecus as a giant orang, changed his 
opinion and in 1945 declared, that this species must be a gigantic form 
of Early Man, ancestral to Pithecanthropus and Sinanthropus. In a more 
popular way he defended his theory in his book ‘“‘Giants, Apes and Man” 
(1945). WINER? even tried to change the name Gigantopithecus into 
Giganthropus (1950). Broom did not accept the human status, but placed 
Gigantopithecus with the Australopithecinae (1946, p. 139). 

The molars of Gigantopithecus, larger than those of the gorilla, suggest 
an even larger size than this already gigantic anthropoid. As among the 
living Primates there is no disproportion known between the size of the 
dentition and the size of the body, WEIDENREICH’s and my own opinion 
where in favour of a gigantic creature, which CoapmMan ANDREWS had 
termed the “China Giant”. This has been doubted by Herre (1950), 
who especially studied domesticated pigs, where he found in some races 
a combination of large dentitions and small body size. I cannot follow 
his arguments, not only because Man at these stages cannot be compared 
with domesticated forms, but also because just in fossil pigs we find 
large dispropertions in the dentition, which must have a genetical basis. 
As illustration we figure here the lower dentitions of Conohyus chinjiensis 
from the Lower and the related Tetraconodon magnus from the Middle 
or Upper Siwaliks of India. 

Our Chinese colleagues seem to estimate the bodysize of Gigantopithecus 
at between 10 and 15 feet. This perhaps is too much, but it is at the 
present moment useless to discuss this matter as long as no other 
material is available. The bodysize of the Australopithecinae which 
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have larger jaws than modern Man, is not exactly known; it is estimated 
at between 4 and 5 feet only, but we certainly need more data to arrive 
at a definite conclusion. 

It was not before last year that new finds of Gigantopithecus were 
reported from China. According to a letter from Prof. H. L. Movrus of 
Harvard University, dated April 20, 1956, he had learned from a Chinese 
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Fig. 1. Lower dentition of: A. Conohyus chinjiensis (Pilgrim) 
B. Tetraconodon magnus Falconer from the Indian Siwaliks. 
Same scale. After COLBERT, 1935. 


newspaper that important discoveries of fossil man had recently been 
made in Ch’i-Lien-Shan, Lai-Pien Hsien in Kwangsi Province of Southern 
China. According to the account the finds include skull and maxillary 
fragments of Sinanthropus, five Gigantopithecus teeth found in situ, and 
a mammalian fauna consisting of stegodon, giant panda etc. In an article 
in the October issue of “Discovery” (London) CorNWALL, referring to 
an article by Pei in ‘China Reconstructs” vol. 5, nr. 8, (which I was not 
able to get) reports are contained of a Chinese expedition under the 
leadership of Dr. Per, to Southern China, where several thousands pounds 
of fossils were collected from the caves. From the Kwangsi caves come 
seven new (and even larger) Gigantopithecus teeth, and thirty more from 
Canton Province. Only three of these teeth “have so far been found in 
their stratigraphical and environmental context”’. 

Several of these teeth seem to have been presented to the Palaeonto- 
logical Institute of the Academy of Sciences of the U.S.S.R. in Moscow, 
as ORLOV is mentioning in a report: ‘““Nous avons été visités (septembre— 
octobre) par les paléontologues de l’Academia Sinica (Peking) .... Nous 
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avons recu un présent précieux:-une belle série de moulages et une série 
excellente de spécimens trés bien préservés des dent géantes de Giganto- 
pithecus trouvés récentement”’ (Boletin informativo, Actividades europeas 
en paleontologia de Vertebrados, 1, nr. 6, Sabadell, February 1957). 

Inspired by the article in “China Reconstructs”, Mr. Joun D. HILLABy, 
London, got in contact with Perr, and received a letter from him on March 
9, containing three copies of the photograph of a large mandible, with 
the request to send one photograph to me; I am much obliged to Dr. Prt 
for his kindness. This picture has been published in the meantime by 
Hi~iasy in “The New York Times” of March 17, and in ‘The New 
Scientist’’ of March 21. He states in his letter “I learnt from Bulletin 
1753 (19.2.57) issued by the New China Agency, that Prt has recovered 
a jaw from a cliff cave at Liucheng in Kwangsi’”. The same jaw has finally 
been reported on recently (different photographs) in the issue of April 13 
of “The Hlustrated London News’ with an article written by or based 
on informations given by Per himself. 

The new jaw (plate 1, fig. 1) is broken on both sides just behind the 
second molars. Two of the incisors are missing, and the molars are greatly 
worn ; nothing of the ‘block pattern’, typical for the unworn teeth (plate 1, 
figs. 2 and 3) has been preserved. Besides, all three third molars from 
the drug stores are too large for this specimen. For that reason at first 
sight the present author was not convinced that the jaw must belong to 
Gigantopithecus. I wrote this first impression to Mr. Himuasy, which 
unfortunately caused some misunderstanding. The newly published 
photographs, which in side view show the relatively great height of the 
molars characteristic of Gigantopithecus, leave no doubt, that Prt’s 
determination of the fossil is correct, also in attributing the jaw to a 
female specimen. 

In comparison with the large molars and the massive body of the jaw 
the canines are small. This must be taken as a confirmation that the 
small upper canine, referred by me in 1951 to Gigantopithecus, really 
belongs to this species. The canine is worn at the tip and not raised above 
the incisors. The teeth are arranged in slightly convergent lines, quite 
narrow between the canines—distance according to photograph only 
about 21 mm; for a gorilla and an orang in our collection I measured 
31 and 25 mm respectively — with small incisors. The anterior premolar 
is larger than the second, blunt with a distinct lingual cusp. The “‘simian 
shelf”, seems to be very weak and poorly developed (according to photo- 
graph in the Illustrated London News practically absent). . 

It is quite amusing to compare the actual find of a Gigantopithecus 
mandible with the complete reconstruction given by WEINERT (1945). 
WEINERT, convinced that it must be a “Giganthropus’’, has more or less 
a typical human jaw blown up to dimensions fitting the known last 
molar. HEBERER already rightly calls this reconstruction ‘“‘vollends 
unwahrscheinlich” (1956, p. 535). The discrepancy between this phan- 
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tastical product and nature is demonstrated in table 1. Here we too find 
comparative measurements of lower jaws of gorilla and chimpanzee 
(after REMANE 1921). The distance between the canines he has measured 


TABLE 1 


Measurements of mandibles 


Length of the Gigantopithecus | 
incisors . .....- | ca. 26.0 (42.5) 
CAMIMMG Lets 6 eat 11.5 (14.5) 
premolars ...-.- | 30.5 (24.0) 
two first molars . . 35.0 (41.0) 

Gorilla Pan 

Distance between: | | 2 ] 2 
canines ......- 45.0 ( 67.0) (45.6) (46.6) | (46.2) (47.8) 
anterior premolars . 54.0 ( 86.0) 54.0 95.0 52.0 51.7 
posterior premolars . 66.0 ( 99.0) 56.2 56.0 52.8 §2.2 
first molars 4. =. 4 72.0 (109.0) 60.0 57.0 54.1 52.2 
second molars .. . ea. 75.0 (120.0) | 69.7 64.0 59.1 50.6 
third molars... . (120.0) | 69.7 _ 64.0 59.1 50.6 


Gigantopithecus, left: according to PEs photograph 
right: reconstruction WrEINERT 1947 (between brackets). 
Forilla & Pan, after Remane (1921). Pan 1 male, all other females. 
The distance is measured at the buccal side of the teeth at the anterior root; if 
between brackets at the alveolus, otherwise at the crown. 


at the level of the alveoli, which is, however, not possible with our photo- 
graph. But the differences cannot be great. The jaws selected have more 
or less the same width between the canines. The table demonstrates 
clearly how convergent and, in the frontal part, how concave the Giganto- 
pithecus jaw is. The jaws of gorilla and chimpanzee shown in that table 
have not the otherwise typical parallel tooth-rows found generally in 
the anthropoids, but have already been chosen by REMANE because they 
show a more or less pronounced convergency. 


PLATE 1. 
Fig. 1. Gigantopithecus blacki v. K., lower jaw of a female specimen from Liucheng, 
Kwangsi Province, Southern China. Photo Dr. PEt. 
Fig. 2. Gigantopithecus blacki v. K., lower third molar, type specimen. From a 
chinese drugstore in Hongkong. 
Fig. 38. Gigantopithecus blacki v. K., upper second molar. From a chinese drugstore 
in Canton. 
Fig. 4. Paranthropus crassidens Br., upper molars and premolars. From Swart- 
krans, Transvaal. Photo Dr. Rosrnson. 
Figs. 5-12. Hemianthropus peti n.g. n. sp. Fig. 5 upper third, figs. 6-7 upper 
second molars (fig. 7 type specimen). Fig. 8 lower second, figs. 9 and 10 probably 
first molars. Fig. 11 lower fourth, fig. 12 lower third premolar. From chinese drugstores 
in Hongkong and Canton. 
Figs. 13-14. Pongo pygmaeus L. Upper (fig. 13) and lower (fig. 14) last molar. From 
chinese drugstores in Hongkong and Canton. 


G. H. R. VON KOENIGSWALD: Remarks on Gigantopithecus 
remains from Southern China 


and other hominoid 
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Unfortunately all the teeth are quite worn out, especially the molars, 
where in the entire labial half the dentine is exposed, while the lingual 
cusps are still recognizable. This type of wear is often found in anthropoids, 
but also in the Australopithecinae (RoBINSON 1956, fig. 4). 

In size the Gigantopithecus teeth can only be compared with those of 
the gorilla. We find, again using Pxt’s photograph and data given by 
REMANE 1921: 


TABLE 2 
Mestodistal length of lower dentition 


| M, 
rs : ] 
Gigantopithecus | 16.5 | 14.0 | 17.0 (22.5) 
Gorilla: | 
minimaand maxima (REMANE) |13.0-20.2 9.4—-12.9 | 13.4—17.5) 14.5-19.7] 13.9-19.4 
average (GREGORY) ) 440 | 122° | 16.9 |) 18:1 17.9 mm 


M, Gigantopithecus after type specimen. 


As we observe, all the mesiodistal measurements still fall within the range 
of the gorilla, although mainly male specimen. Only the third molars 
from the drugstores are superior. The greatest dimensions recorded from 
modern species are, however, not to be found in the gorilla, but in the 
fossil orang from China, 19.9 mm, and from Sumatra, 20.9 mm (HoomsER), 
both times in second molars. 

Gigantopithecus seems to be most probably an anthropoid of “moderate 
type’’, missing the overspecialisation of the canines typical for the living 
Pongids. Its possible relationship to the group of the Hominidae can 
only be discussed if more material is known. 

The Gigantopithecus material known from the drugstores comes from 
two different types of sediments. The three lower molars all have the 
same yellow colour, and are according to their preservation indistinguish- 
able from the teeth of orang, panda, tapir etc. generally found in associ- 
ation. The upper molar, however, is more bluish, and the matrix attached 
is reddish with small pisoliths. Whether or not this indicates also a different 
age, is difficult to say. Anyhow the fauna from the sites of Jenchingkou 
and Wanhsien, studied by Marruew and GRanGer, and later by COLBERT 
and Hoouer differs from the typical Ailuropoda-fauna obtained from the 
big drugstores in Hongkong and Canton by the fact that the orang is 
missing from that association, that complete skulls and skeletons are 
preserved — otherwise all bone is gnawed by porcupines — and that Hyeana 
is rather abundant, while practically absent from the drugstores material. 

The presence of Sinanthropus was indicated by some molars already 
in our first collection (1935, p. 879). In 1939 a typical large lower first 
premolar could be obtained in Hongkong. The molars have fewer wrinkles 
than the classical Sinanthropus teeth from Chou-Kou-Tien and might 
indicate a new species (1952, p. 308). Other human teeth are surely more 
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modern and mostly from young burials, others, according to X-ray 
photographs, are very taurodont; an upper molar can, in this respect, 
only be compared with Krapina-Man. This might indicate the presence 
of Neanderthal Man (but then in an upper level) in the caves of Southern 
China. 

The bulk of the Primate material from the Chinese drugstores belongs 
to a large orang of great variability. There are, however, several other 
higher primates, which are very difficult to define, as only isolated teeth 
of unknown provenience are available. Perhaps the most typical form 
is of orang size, but does miss the fine wrinkles which are so charac- 
teristic of the latter. We have recognised this species long ago and discussed 
it with Dr. Broom and others because of the close resemblance of the 
upper molars with those of Paranthropus robustus from South Africa, but 
postponed the description till Dr. Rosryson had finished his study on 
the dentition of the Australopithecinae, which has just appeared. My 
own study of the Chinese material has not yet been completed, but I take this 
opportunity to give a brief description of this interesting species. Because 
of the likeness with Paranthropus I want to give to the new genus the 
name Hemianthropus; the species I call in honor of my old friend Dr. 
Pret WEN-CHUNG peti. 


Hemianthropus peti n.g.n.sp. 
Pl. 1, figs. 5-12. 


The molars show only few wrinkles, and by that and the better defined 
cusps differ from orang (vide figs. 13 and 14). As type specimen I regard 
a nearly unworn right upper molar, perhaps a second one, (fig. 7). Length: 
14.3 mm, breadth: 14.7 mm. Typical of the upper molars are two small 
cusps, which replace the crista obliqua and might be called a ‘“‘double 
metaconulus” (which here is meant as a descriptive term only). It is 
exactly the same cusp formation that we observe in Paranthropus 
crassidens from Swartkrans (pl. 1, fig. 4) and also sometimes in modern man. 

The referred lower molars exhibit a simple Dryopithecus-pattern without 
complications. The entoconid is, also in first and second molars, relatively 
small (figs. 9 and 10), An anterior premolar is blunt, horizontally worn, 
and shorter than is generally found in the pongids. A more detailed 
description of the material available will be published in the near future. 

Altogether the dentiton seems to suggest a higher primate of subhuman 
affinities (probably not closer related to the Australopithecinae) rather 
than a true member of the Pongidae. 
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CHEMISTRY 


CHEMISORPTION OF CO, C,H, AND H, ON EVAPORATED 
TITANIUM FILMS 


(Preliminary Communication) 
BY 


C. VAN HEERDEN anp P. ZWIETERING 


(Communicated by Prof. J. H. pE Borr at the meeting of January 26, 1957) 


The study of the chemisorption of gases on evaporated metal films 
has proved an important tool in obtaining data concerning the funda- 
mental characteristics of chemisorption in its relation to catalysis [1]. 

Besides other methods, the measurement of changes in electric con- 
ductivity of the film due to chemisorption has been applied for this 
purpose [2, 3, 4,5]. Applied to the chemisorption of H, and other gases 
on Ni some of these authors [3, 4, 5] have interpreted a decrease in 
conductivity as an indication of the formation of negatively charged adions 
on the metalsurface. 

During our work on the chemisorption of different gases on evaporated 
titanium films, we recently obtained some quantitative data on the 
change in conductivity which led to interesting conclusions which are 
published in this communication. 

Spectroscopically pure titanium wire (0,3 mm diam. manuf. by 
HeRAEUS ')) was evaporated on the wall of a pyrex glass vessel cooled 
by liquid nitrogen and previously degassed at high temperature under 
extreme vacuum conditions. All necessary precautions were taken to 
protect the film against condensable vapours. After evaporation the 
film was sintered at roomtemperature until the resistance remained 
constant (usually one night). The electric resistance of the film was 
measured with an accuracy of at least 0,1 °/, between two platinum strips, 
previously evaporated on the glass wall and sintered at the degassing 
temperature (ca. 400° C). 

The surface area of the film was estimated from the physical adsorption 
of xenon at 90° K (taking 22,3 A? for the molecular area of Xe, which 
value was derived from a comparison between the adsorption of Xe, Kr 
and C,H, on carbonyl iron). 

The results of the conductivity measurements are given in fig. 1. In 


this graph the relative change in conductivity (52) is plotted against 
0 


the number of molecules adsorbed. Further data are given in table I. 


‘) fa. Heraeus Quartz Schmelz G.m.b.H. Hanau Germany. 
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TABLE I 


Film No. Mer weight ives ce Adsorbate We TSe o 


Vv 7.9 2050 CH, 273 2,20 
VI 10,6 | = H, fe 1,05 
7 1,35 


VIII | 10,1 2330 ere) i 


00 


O° 


\. CO (77 °K ) 
©. 


OK 
i 
a : 
aor (273 °K) —~n (108 molecules ) 


Fig. 1 


All points indicated in the graph refer to zero pressure adsorption 
(<5 x 10%*mm Hg) except a single point at which the pressure is 
indicated. 

Considering first the chemisorption of CO, an almost liniar decrease 
in conductivity is found. The last two points do not fall on this straight 
line owing to physical adsorption as appears from the observation that 
the quantities adsorbed above 2,0 « 1018 molecules can easily be removed 
by pumping at 273° K. 

As the surface area of the film was 2330 cm?, the number of CO 
molecules/cm? amounted to 0,86 x 101% This figure may be compared 
with the number of Ti atoms/cm? for the different crystal planes of 
alpha-titanium, viz. 


1010 and 0110 0,72 x 1015 
0011 1,15 
1120 0,84 


A one to one ratio of CO to Ti seems highly probable therefore. 
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It was very surprising to note that the number of C,H, molecules 
adsorbed on a film of about the same surface area was also 2,0 x 10%. 
As physical adsorption can be excluded at 273° K, this result indicates 
that at complete coverage also one C,H, molecule is bound to each Ti 
atom in the surface layer, unlike to what is observed wich other metals 
[6, 7]. It was noted, however, that the first half of the total chemisorption 
proceeded much more rapidly than the second, so that reorientation 
effects on the surface may be assumed (see later). 

Hydrogen is not only chemisorbed but also taken up in the bulk metal. 
Also in this case the conductivity decreases. However, if the temperature 
is temporarily raised to 273° K and then restored to 77° K, the con- 
ductivity is irreversibly increased. This effect was found many times 
beyond the range of the graph given. It appeared that the total amount 
of hydrogen which could be sorbed at 273° K agreed well with the bulk 
composition TiH,. Electron diffraction investigation of the film after- 
wards also showed the structure of TiH,. We are thus of the opinion 
that the sudden changes in conductivity, occurring when the film is 
warmed up, suggest recrystallisation to the TiH, phase. 

As the conductivity of the metal film is a bulk property, we investigated 
whether the relative change of 2 should be in any relation to the ratio 
between the number of adsorbed molecules (n,) and the total number 
of titanium atoms present in bulk (n,,). Using the initial slope of the 
curves given in fig. 1, the ratio 


_ AA an 


Ao Na 


is given in the last column of table I. 

Primarily it is very interesting that the ratio » is of the order of one. 
This means that every molecule which is chemisorbed decreases the 
conductivity roughly to the same amount as one Ti atom contributes 
towards it. ; 

Thus it seems very attractive to explain the conductivity changes by 
the assumption that every surface metal atom, contributing normally 
to the conductivity of the metal with its valence electrons, extracts these 
electrons from the conduction band when forming a bond with a gas- 
molecule. 

This means that the number of free electrons in the conduction band 
decreases proportionally to the number of Ti atoms occupied in the 
chemical bond formation. As the concentration of free electrons will 
be equal in all parts of the film as long as the particles forming the bond 
are in metallic contact, the effect is independent of the question whether 
the film structure is very homogeneous or not. 

The first important conclusion that may be drawn from this picture 
is that the effect on the conductivity is equal both when the bond formed 
is entirely covalent or when it is polarised in either direction. In all cases 
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a decrease in conductivity must be expected when the chemisorption is 
taking place on the pure metal. 

Secondly, if this picture is true, the real value of x must give an 
indication as to the stoechiometry on the surface. In agreement with 
the conclusions already drawn from volumetric data on the chemisorption 
of CO, a Ti/CO ratio of ca. 1 is found. For C,H,, however, we find roughly 
the composition Ti,C,H,, whereas at complete coverage a one to one 
ratio was derived. It seems therefore, that at low coverages the ethylene 
molecules occupy two Ti atoms. This process is a very rapid one. After 
that, a slower reorientation occurs, leading to the formation of 

Ti—CH,—CH, 
Tl— C,H, or perhaps | 
Ti—CH,—CH, complexes. 


For hydrogen a TiH, ratio is found. This result is contrary to the current 
views on the atomic adsorption of hydrogen on metals, but is surprisingly 
enough in complete agreement with the normal titaniumhydride. It 
may indicate that TiH, molecules are formed at random either on the 
surface or later in the bulk. The formation of these molecules decreases 
the number of metallic Ti atoms contributing to the normal conductivity. 
As soon as the temperature is raised the titanium hydride crystallises 
with the formation of a new electrically conducting phase. 


Central Laboratory of Netherlands State Mines 
Geleen, The Netherlands 
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NOUVELLES OBSERVATIONS SUR LA SERIE SEDIMENTAIRE 
DE LA ZONE DE CAPORALINO-SAN ANGELO AU SUD-EST DE 
FRANCARDO (CORSE) 
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(Communicated by Prof. H. A. Brouwer at the meeting of February 23, 1957) 


SOMMAIRE 


Pendant l’été de 1955 l’auteur de cet article a étudié la stratigraphie de la zone 
de Caporalino-San Angelo au Sud-Est de Francardo (Corse). La série sédimentaire 
de la région étudiée comprend le Jurassique supérieur, le Crétacé moyen ou supé- 
rieur et le Nummulitique. Le Jurassique supérieur est représenté par les éléments 
suivants (de bas en haut): bréches, conglomérats, grés; calcaires suboolithiques 4 
Trocholines, grés calcaireux; grés & muscovite, cherts gréseux; spongolithes, cal- 
caires A spicules d’Eponges; calcaires oolithiques 4 Trocholines; conglomérats & 
éléments cristallins; Caleaire de Caporalino. Le Crétacé (moyen ou supérieur) est 
séparé du Jurassique par un hiatus, représentant une période d’érosion. Le Crétacé 
consiste de conglomérats & éléments calcaires suivis par des calcaires marneux & 
Globotruncana indéterminables. Le Nummulitique, recouvrant le Crétacé avec un 
hiatus, est représenté par: des calcaires et conglomérats & Nummulttes et des 
arkoses, gres et ardoises. 


INTRODUCTION 


La succession de la série sédimentaire de la zone de Caporalino—San 
Angelo a été décrite par l’auteur dans sa thése: ,,.La géologie de la région 
de Francardo” (Dr Booy, 1954, p. 42-50). 

Des recherches supplémentaires, effectuées pendant l’été de 1955 dans 
une partie de la zone de Caporalino-San Angelo, montrent que l’inter- 
prétation de la stratigraphie de cette zone doit étre modifiée. Les nouvelles 
dates ne changeront rien au point de vue tectonique; la zone de Caporalino— 
San Angelo se trouve tectoniquement entre l’unité de la zone des écailles 
de Piedigriggio—Soveria en-dessous et la nappe de Santa Lucia au-dessus 
(Dr Booy, 1954, p. 77, fig. 15). 

Les recherches ont été effectuées a linstigation de M. le professeur 
H. J. MacGiiuavery, qui a bien voulu faire les déterminations des micro- 
fossiles. L’auteur éprouve le besoin de lui exprimer ici sa profonde recon- 
naissance. Son aide et ses conseils judicieux ont été d’une valeur in- 
estimable pour la préparation de cet article. 

La région étudiée en 1955 se trouve au Sud-Est de Francardo, indiquée 
sur le schéma structural (fig. 1). 

Les nouvelles obsérvations rendent possible de dater plus précisement 
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differents éléments de la zone de Caporalino-San Angelo, qui ont été 
attribués antérieurement au Nummulitique (et Mésozoique supérieur’). 
Dans le terrain étudié nous pouvons distinguer le Jurassique supérieur, 
le Crétacé (moyen ou supérieur) et le Nummulitique (voir fig. 2). 


FORMATIONS GEOLOGIQUES 


JURASSIQUE SUPERIEUR 
Nous avons réuni sous le titre Jurassique supérieur les éléments suivants 
(de haut en bas): 


Calcaire de Caporalino (principalements des calcaires 4 grains fins, avec a la 
base des calcaires 4 détritus terrigénes). 

Conglomérats 4 éléments cristallins. 

Caleaires oolithiques a Trocholines. 

Spongolithes, calcaires & spicules d’Eponges. 

Grés & muscovite, cherts gréseux. 

Calcaires suboolithiques & Trocholines, grés calcaireux. 

Bréches, conglomérats, grés. 
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Fig. 2. Carte schématique de la zone de Caporalino-San Angelo au Sud-Est 
de Francardo. 


Nous n’avons pas pu préciser exactement l’age de cette série de roches, 
mais il nous semble qu’elle appartient & la partie supérieure du Jurassique. 
Nous avons basé cette thése sur les faits suivants: 


1° Les caleaires & Trocholines renferment Protopeneroplis. Ce genre de Foraminifére 
est considéré par R. WrYNSCHENK (1956) diagnostique pour le J urassique 
moyen et supérieur. 


2° La série en question est séparée du Crétacé surjacent par un hiatus. 


3° L’analogie & la série Tithonique de la Balagne, décrit par W. Bosma (1956, 
p- 67-78). Dans la Balagne des calcaires & grains fins, renfermant partiellement 
Calpionella alpina sont associés & des calcaires oolithiques contenant T'rocholina 
alpina. Nous n’avons pas trouvé Calpionella alpina dans nos caleaires & grains 
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fins (Calcaire de Caporalino), par contre la présence de T'rocholina alpina dans 
nos ealeaires oolithiques pourra indiquer un Age identique des deux séries. 


4° La faune des caleaires suboolithiques et oolithiques & Trocholines est identique 
a celle rencontrée dans le Malm des Grandes Mythes (Suisse), c.a.d. les mémes 
Trocholines, la méme forme lenticulaire ef. Vidalina, la méme Protopeneroplis, 
et la méme espéce a test arénacé. 


Bréches, conglomérats, grés — La base de la série J urassique supérieur 
est principalement formée par des bréches et conglomérats polygéniques. 
Les matériaux détritiques polygéniques sont principalement — en quan- 
tités variables — composés par du granite et des schistes cristallins d’Age 
hercynien, des roches volcaniques acides et des arkoses du Permien et 
parfois des roches basiques. En outre on observe localement des éléments 
dolomitiques, probablement d’age triasique. Les dimensions des fragments 
varient entre quelques métres et quelques millimétres. Le ciment est 
toujours gréseux. 

Ce membre mesure, dans le terrain étudié, au moins quelques centaines 
de métres d’épaisseur. Vers le haut de la série, les bréches et les conglomé- 
rats alternent avec des grés. 

On observe des fois un ‘graded bedding’, confirmant la position normale 
de la série. Les grés contiennent beaucoup de matiéres détritiques prove- 
nants des roches volcaniques acides. Ces grés sont d’aprés la classification 
de PErrisoHN (1954) principalement des ‘subgraywackes’ et en moindre 
quantités des ‘lithic graywackes’ et des arkoses 1). Les grés sont interlités 
de rubans bruns de lutite, irréguliérs et a stratification peu continus. 

Calcaires suboolithiques a Trocholines, grés calcaireux — Les calcaires 
suboolithiques a teinte grise contiennent beaucoup de matiéres détritiques 
terrigénes. On rencontre des fragments de granite et de schistes cristallins 
hercyniens, des roches volcaniques acides permiens, des roches basiques 
et des fragments de calcaire en partie d’age pénécontemporain, ainsi que 
des cristaux de feldspath et mica. Les dimensions des fragments poly- 
géniques — dans les niveaux inférieurs du calcaire — peuvent atteindre 
quelques centimétres. H se présente des fois un ‘graded bedding’ (DE 
Booy, 1954, fig. 7, p. 45). La série atteint parfois une épaisseur de quelques 
dizaines de metres. 

Autour des matériaux détritiques se sont formées souvent de minces 
couches concentriques de calcite a texture finement granuleuse, qui donnent 
aux calcaires une structure suboolithique. 

Les calcaires suboolithiques renferment toujours des Foraminiféres et 
des débris d’organismes. Les Foraminiféres sont représentés par T'rocholina 
alpina et des Trocholines plus élongées, Protopeneroplis et des Milioles. 
Il faut noter que Protopeneroplis se présente parfois dans les fragments 
calcaires. Les débris d’organismes sont assez nombreux. Ils comprennent 


1) Tl faut remarquer que le feldspath en tout probabilité dérive au moins pour 
une part des laves acides du Permien, et que le critére de PETrTisoHN (fragment 
de roches contre feldspath) ne donne pas l’expression juste de la source des roches. 
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des entroques, des piquants d’Oursins et d’autres fragments d’Echino- 
dermes. On reconnait aussi des coquilles de Mollusques, des Coraux et 
des Algues (Solenopora). Le ciment des calcaires suboolithiques 4 Trocho- 
lines est constitué par du calcite & texture grénu. Du quartz authigéne est 
localement représenté dans les fragments calcaires. 

Parmi les calcaires suboolithiques s’intercalent en plusieurs endroits 
des gres calcaireux. 

Grés a muscovite, grés a ciment siliceux — Au-dessus des calcaires 
suboolithiques 4 Trocholines nous trouvons des grés riches en muscovite 
détritique. L’épaisseur de la série des grés mesure quelques dizaines de 
metres. Le muscovite est souvent concentré dans les petits rubans 
argileux qui sont trés irréguli¢rement distribués dans les grés. Des fois 
on trouve entre les grés des intercalations de minces couches (5 cm) 
d’arkoses. Vers le haut de la série les matériaux détritiques deviennent 
graduellement plus fins. I] se présente des grés 4 ciment siliceux, renfermant 
toujours du muscovite détritique, qui passent vers le haut a des cherts 
gréseux; dans ces derniers on observe des spicules d’Eponges. 

Spongolithes, calcaires a spicules d’ Eponges — Dans notre terrain étudié 
les grés a ciment siliceux passent vers le haut en plusieurs endroits a des 
sédiments presque dépourvus de matériaux détritiques terrigénes. Ce sont 
des spongolithes et des calcaires 4 spicules d’Eponges. L’épaisseur de cette 
unité varie entre 1-5 métre. Les spongolithes ont une couleur gris-noir, 
tandis que les calcaires 4 spicules d’Eponges montrent des teintes gris- 
verdatres. 

En géneral on pourra dire que les vrais spongolithes forment la base 
de ce niveau. Ils contiennent rarement des Radiolaires. En montant la 
série les spongolithes deviennent riche en carbonate et montrent des 
transitions a calcaires & spicules d’Eponges en passant par des calcaires 
siliceux. Dans ces roches le carbonate est probablement d'origine primairé. 
Les spicules d’Eponges dans les calcaires sont géneralement calcifies. 
A 500 m SE de San Angelo les spongolithes sont associés avec des cherts 
et des calcaires siliceux renferment des fragments de Coraux. 

Comme composant détritique on observe des fins cristaux de quartz 
angulaires. 

Dans certains cas on trouve des calcaires & spicules d’Eponges qui 
passent a des calcaires avec de nombreux fragments d’Echinodermes. 

Ces roches contiennent des matiéres micro-oolithiques et de nombreuses 
micro-foraminiféres, parmi lesquels on reconnait la présence de Milioles 
et de formes & test arénacé. 

Calcaires oolithiques & Trocholines — Les sédiments presque entiére- 
ment dépourvus de matiéres clastiques sont suivis en quelques endroits 
par des calcaires oolithiques A détritus terrigénes, indiquant une reprise 
dapport de matériaux terrigénes. L’épaisseur des calcaires oolithiques 
varie entre quelques métres et quelques dizaines de metres. 

Les calcaires ont toujours une structure oolithique et pseudo-oolithique. 
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Les oolithes sont géneralement de taille grossiére (0.5-0.8 mm). Dans les 
oolithes se trouvent de petits globules de calcite clair, d’origine inconnu. 
En dehors des oolithes il se presente des fragments calcaires plus grossiers 
que les oolithes, plus ou moins globuleux et dépourvus de structure 
interne; il s’agit de pseudo-oolithes. Les oolithes sont fortement étirés 
par des mouvements tectoniques en plusieurs endroits. 

On remarque la présence de quartz authigéne dans les oolithes. Le 
quartz authigene a formé, autour d’un noyau de quartz détritique, un 
petit cristal a faces idiomorphes bien dévelopées. 

Les matériaux détritiques terrigénes sont représenté en quantités fort 
variables. Les fragments polygéniques se composent principalement de 
granite, de schistes cristallins hercyniens, de roches volcaniques acides 
permiens et de spilites, qui sont probablement dage mésozoique. Les 
dimensions peuvent atteindre parfois quelques centimétres. Les minéraux 
détritiques sont surtout des cristaux de quartz et en moindre quantité du 
feldspath. Parmi les fragments de calcaires on observe parfois des calcaires 
a spicules d’Eponges. Le ciment du calcaire oolithique est formé prin- 
cipalement par le calcaire 4 texture grenue. 

A cété des matériaux détritiques terrigénes les calcaires contiennent 
de nombreux organismes. Parmi les Foraminiféres on reconnait Trocholina 
alpina et des Trocholines plus élongées et parfois Protopeneroplis. Plus 
fréquents sont des débris organiques: des entroques, des piquants d’Oursins, 
des fragments de Mollusques, ainsi que des Algues et des Coraux. 

Le meilleur affleurement des calcaires oolithiques 4 Trocholines se 
trouve a 900m WNW de San Angelo. Les niveaux supérieurs de cet affleure- 
ment contiennent des calcaires 4 gros fragments polygéniques. Ces 
calcaires conglomératiques passent graduellement a des conglomérats 
polygéniques sans ciment calcaire. 

Conglomérats a éléments cristallins — La série Jurassique peut aussi 
contenir (voir fig. 2) une série de conglomérats a éléments cristallins, 
en-dessous de la barre de Caporalino. L’épaisseur de ce conglomérat est 
fort variable et peut atteindre quelques dizaines de métres. Les fragments 
polygéniques se composent principalement de granite, de schistes cristal- 
lins et de roches volcaniques acides. 

Calcaire de Caporalino — La barre de Calcaire de Caporalino présente 
un horizon bien marqué dans la topographie de la région étudiée. L’épais- 
seur du Calcaire de Caporalino est fort variable et atteint des fois 
une centaine de metres. Les niveaux inférieurs de cette barre sont 
souvent formés par des calcaires détritiques. Ces roches ont génerale- 
ment une structure oolithique et pseudo-oolithique et renferment des 
fragments de granite, de schistes cristallins, de roches volcaniques acides, 
de spilites et de calcaires (parmi lesquels on trouve fréquemment des 
calcaires a spicules d’Eponges). Les fragments organiques représentent 
des fragments d’Echinodermes, de Foraminiferes (Milioles) et d’Algues. 
Le calcite a texture granuleuse forme le ciment des calcaires détritiques et 
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oolithiques. Parfois on trouve dans le matrix des spicules d’Eponges. 

Le caleaire détritique passe vers le haut graduellement a un calcaire 
a grain fin, & teinte gris-pale, presque sans éléments clastiques. Ce calcaire 
forme l’élément le plus important de la barre du Calcaire de Caporalino. 
Tl est souvent fortement recristallisé. Le quartz authigéne n’est qu’excep- 
tionellement présent. Comme débris d’organismes on remarque des frag- 
ments d’Echinodermes et de Mollusques. 


La série Jurassique supérieur dans la région étudiée parait marquer deux 
cycles sédimentaires. Le premier commence avec les bréches grossiéres. Un 
éloignement progressif de la source s’exprime par une augmentation 
relative de mica (matériaux transportés plus loin que les autres matériaux 
détritiques). Ce premier cycle est suivi d’un deuxiéme, qui commence 
avec des calcaires oolithiques 4 Trocholines et qui est marqué par un 
renouvellement des apports terrigénes. Ici on trouve pour la premiére fois 
des fragments de spilites. 


CRETACE (MOYEN OU SUPERIEUR) 


La série Jurassique supérieure est recouverte — avec une interruption 
de la sédimentation — par une série de conglomérats 4 éléments calcaires, 
auquels nous attribuons un age Crétacé (De Booy, 1954, p. 49, fig. 8). 
L’épaisseur de ce conglomérat peut atteindre des dizaines de métres. 
Dans les niveaux inférieurs les fragments du conglomérat sont souvent 
trés grands, jusqu’A quelques métres de diamétre. Vers le haut de la 
série il y a une forte diminution de la taille des fragments. 

Les fragments calcaireux du conglomérat sont les plus importants. Ce 
sont surtout des calcaires 4 Nérinées, dépourvus de matiéres détritiques 
terrigénes. Les Foraminiféres T'rocholina alpina et Trocholina sp. sont 
souvent présents dans ces fragments calcaires. Outre les calcaires a Nérinées 
on observe des blocs de caleaires oolithiques et de calcaires a grains fins 
(ressemblant au Calcaire de Caporalino). En moindre quantité que les 
éléments calcaires, il se présente des fragments de granite, de schistes 
cristallins et de roches volcaniques. Le ciment du conglomérat est trés 
peu important ou fait parfois totalement défaut. 

Cette série de conglomérats est considérée comme une série de base 
marquant un nouveau cycle de sédimentation aprés une période d’érosion 
active. Cette érosion a attaqué les dépéts jurassiques dont les éléments 
grossiers se trouvent déposés en galets dans le conglomérat crétacé. 
Il est & noter que les calcaires 4 Coraux et Nérinées n’ont pas été trouvés 
en place dans la série jurassique, et quils représentent un faciés plus 
néritique. Ce faciés est rapproché par les caleaires 4 fragments de Coraux 
trouvés & 500 m SE de San Angelo associés aux spongolithes. 

Kn deux endroits de la région étudiée les conglomérats a éléments 
calcaires passent & des couches de calcaires marneux a Globotruncana. 
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Parmi les matériaux terrigénes on observe dans ces calcaires marneux 
rarement du quartz en petits cristaux angulaires. Les calcaires marneux 
sont assez riches en minerai. En dehors des Globotruncana il y a des 
minuscules Foraminiféres dont les chambres sont remplies de minerai. 
Ces “‘micro-microforaminiféres” remplis de minerai charactérisent aussi 
le Crétacé de la Balagne (Bosma, 1956, p. 79). 


NUMMULITIQUE 


Dans le Sud de la région le Crétacé est recouvert par des gres et des 
ardoises avec des intercalations de bancs conglomératiques (renfermant 
des fragments de calcaires & Nummulites). Les grés contiennent souvent 
une grande quantité de feldspath et passent 4 des arkoses. 

Dans l’Est de notre terrain affleure une série de calcaires détritiques et 
de conglomérats a ciment calcaire A Nummulites. Les matériaux détritiques 
comprennent — en quantités fort variables — du granite, des schistes 
cristallins, des roches volcaniques acides, des spilites, des calcaires et des 
grés argileux. Parmi les fragments de calcaires on reconnait des calcaires 
oolithiques, des calcaires 4 spicules d’Eponges, des calcaires 4 grains fins 
(ressemblant au calcaire de Caporalino), des calcaires marneux A Globo- 
truncana, et des calcaires contenant Nummulites (évidemment dérivés de 
la série Nummulitique méme). Les Foraminiféres sont trés abondants. 
On observe surtout le genre Nummulites et le genre Discocyclina, et a 
moindre degré les genres Assilina, Asterocyclina et Alveolina (les deux 
derniers sont seulement représentés dans les niveaux supérieurs de notre 
série). Parfois on rencontre des Milioles et des formes 4 test arénacé. 
Tres nombreux sont les débris de Lithothamnium,; le Lithothamniuwm est 
représenté a un tel point que la présence de nombreux débris de ces algues 
peut servir icl comme une premiére indication d’age Hocéne. Puis on 
trouve en moindre quantités les restes organiques d’Echinodermes, de 
Mollusques, de Coraux et de Corallinacae et Solenopora. 

Entre les calcaires détritiques et conglomérats a ciment calcaire se 
présentent des intercalations d’arkoses. 


CONCLUSIONS 


Nous réalisons que ces nouvelles dates ne sont que trop fragmentaires 
pour donner une idée complete de l’évolution stratigraphique de la zone 
de Caporalino-San Angelo. Hl faudra des recherches stratigraphiques 
détaillées sur une région plus vaste que la nétre pour pouvoir mieux 
interpréter les phénoménes géologiques de la zone de Caporalino-San 
Angelo et sa position stratigraphique dans l’ensemble. Toutefois on 
pourrait faire les observations suivantes. La succession de la série sédi- 
mentaire de la zone de Caporalino-San Angelo montre quelques analogies 
avec la série sédimentaire du bassin de la Balagne. On retrouve dans 
la Balagne les mémes unités stratigraphiques, c.a.d. le Jurassique supérieur, 
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le Crétacé et le Nummulitique. Le Jurassique supérieur de la Balagne 
montre la méme association de calcaires 4 grains fins, de calcaires oolithi- 
ques & Trocholina alpina et de spongolithes. I faut remarquer que les 
bréches et les conglomérats 4 éléments cristallins 4 la base de la série 
Jurassique supérieur de la zone de Caporalino-San Angelo, ne sont pas 
représentés dans la série Jurassique de la Balagne, tandis que l’épaisse 
série de spilites et de diabases de la Balagne en-dessous du Tithonique 
n’a pas été retrouvé dans la zone de Caporalino-San Angelo. Dans la 
région de Francardo on trouve des spilites et des diabases d’age inconnu, 
dans les éléments juste & ’ouest de Francardo et dans la zone de Aiti- 
Lano ow ils sont associés 4 des grés calcaires et ardoises (la nappe de 
Santa Lucia voir fig. 1). En outre nous avons observé des fragments de 
spilites dans les niveaux supérieurs du Jurassique supérieur, aussi bien 
que dans le Nummulitique. 

Le Crétacé A Globotruncana de notre région présente des differences 
avec celle de la Balagne. Le Crétacé de la zone de Caporalino-San Angelo 
repose avec un conglomérat de base et un hiatus, représentant une 
période d’érosion, sur le Jurassique supérieur. Les calcaires a grains fins 
et ‘‘micro-microforaminiféres” ressemblent a ceux de la Balagne. D’autre 
part on ne retrouve pas chez nous les cherts noirs, ni les grés glauconiféres 
de la Balagne (Bosma, 1956, p. 79, 83). 

L’Eocene 4 Nummulites recouvre dans notre région avec un hiatus — 
représentant une nouvelle période d’érosion — le Crétacé a Globotruncana. 
Cette transgression de l’Eocene a Nummulites et Discocyclina montre des 
analogies a celle de la bordure du bassin de la Balagne (Bosma, 1956, p. 95). 

On peut noter que tout le détritus de la série sédimentaire de la zone 
de Caporalino-San Angelo de notre région, parait dériver des environs 
méme du bassin. Nous n’avons pas remarqué des matériaux exotiques. 
Iln’y a pas de différences prononcées entre le détritus des differents étages 
et nous n’avons pas remarqué un accroissement de la quantité des éléments 
granitiques comme décrit par Bosma dans le Tertiaire de la Balagne 
(1956, p. 91). 

Institut de Géologie 
de I’ Université d’ Amsterdam 
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MECHANICS 


ON THE BENDING OF CANTILEVER, RECTANGULAR PLATES. 
IV 2) 


BY 


W. T. KOITER anp J. B. ALBLAS 


(Communicated by Prof. C. B. BrezEno at the meeting of February 23, 1957) 


4.4. Numerical results 


The infinite system of equations (113) can only be solved approximately 
by taking a finite number of equations, say N, and disregarding all 
unknowns p, for k>N. In order to check the accuracy of the approximate 
solution it is necessary to compare the results for the first unknowns for 
increasing values of NV. 

The results of these computations are presented in fig. 10 where p,, Ds 
have been plotted as a function of the number of equations N. It is seen 
that the results are satisfactory because only minor differences occur if 
N is raised from, say, 8 to 10. The solution obtained from 10 equations 
is given below 


p, = 0,3021, Po = —0,1542, 

| Pz = 0,1083, PP, = —0,0846, 

(126)  p, = 0,0670, Pg = — 90,0560, 
Pz = 90,0483, Pg = —0,0423, 

Py = 90,0376, Pig = —0,0838. 


A further check on the accuracy of our approximate solution is provided 
by calculation of the root bending moment by means of (117) at the end 
points of the clamped edge. From the boundary conditions (5) along 
jy[=1 and (4) along «=0 it follows that at x=0, |y|=1 


(127) M,, ED Men = —= jl, 


From the series (117) we obtain at this point 
10 

(128) m,= > (—1)" = — 0,934; 
k=1 


this result is still nearly 7 percent in error. However, the end points of 
the clamped edge are the most critical points from the point of view of 
numerical calculation. Our series representation (117) is not very suitable 


1) For parts I, II and III, cf. these Proceedings 57, 250, 259 and 549. 
12 Series B 


Fig. 10. 
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Fig. 11. The secondary root bending moment. 
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in the neighbourhood of the end points because each separate term has a 
derivative zero at the end points whereas we know from our rigorous 
solution for the rectangular wedge plate that the derivative of the root 
bending moment with respect to y has a singularity at these points. 

A much higher accuracy may be expected at some distance from the 
end points. At the mid-point of the root x=0, y=0 summing of the 
alternating series by the EuLER method yields a value m,=0,208 with 
an estimated accuracy of + 0,001. The root bending moment series (117) 
has been evaluated twice, first taking into account 9 coefficients >, 
obtained from 9 equations and secondly taking into account the 10 
coefficients (126). The resulting bending moment curve is presented in 
fig. 11. This figure shows even more convincingly that the accuracy is 
indeed adequate. It should be noted that the resulting bending moment, 
obtained as the sum of the primary bending moment m,,=1 and the 
secondary solution, is also given by fig. 11 by shifting the horizontal 
axis to the line —1. The highest value of the resulting bending moment 
s 1,208 and occurs at the mid-point of the root. 
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Fig. 12. The secondary bending moment m, in various sections x = constant. 
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Fig. 14. The secondary bending moment m, in various sections y = constant. 
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TABLE I 


Eigenfunction coefficient from eigenfunction method itself and from Fourier- 
transform method 


ee 


Eigenfunction method Fourier transform method 
eS 

Ady 0,1426 0,1528 

a, 0,0311 + 0,0596 é 0,0407 + 0,0621 7 
Aa, — 0,0144.+ 0.0201 ¢ — 0,0169 + 0,0184 7 
Ras 0,0178 + 0,0051 i 0,0109 + 0.0092 ¢ 
Aa, | — 0,0106 + 0,0058 i | — 0,0079 + 0,0062 ¢ 
a, | 0,0069 + 0,0046 ¢ 0,0075 + 0,0032 é 
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Fig. 15. The torsional moment. m,, in various sections « = constant. 


The bending and torsional moments for x>0 have been calculated 
from eqs. (121), (122) and (123). The required eigenfunction coefficients 
a, are given in table I (last ‘column). No more than five complex coeffi- 
cients have been evaluated because for not too small values of x, say 
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a> 0,2, the contribution of higher eigenfunctions is negligible. The results 
are presented in fig. 12-18. 

Figs. 12 and 13 give the bending moment m, as a function of y in various 
sections x—constant, fig. 14 gives the same stress couple in various 
sections y=constant. The curve for x=0 has been computed directly 
from the series (117), the other curves except the curve x=0,1,. have 
been calculated by means of the eigenfunction expansions; the curve 
a—0,1 has been obtained by interpolation. It should be noted that these 
curves give only the secondary bending moment to which the primary 
bending moment m,=1 should be added to obtain the resulting stress 
couple. It will be seen that the resulting bending moment at x=1 does 
not deviate more than 3,5 percent from the primary bending moment; 
this deviation is reduced to less than 1 percent at r=2. 

The torsional moment m,, is presented in figs. 15 and 16. It is seen 
that this moment does not exceed 10 percent of the primary bending 
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Fig. 16. The torsional moment m,, in various sections y = constant. 
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moment at x=1 and 3 percent of this moment at x=2. In fig. 16 the 


curve for y=1 is not reliable at small values of x: this part of the curve 
has been indicated by a thin dotted line. 


The resulting bending moment m, 18 presented in figs. 17 and 18. It is 
seen from these figures that this moment does not exceed 13 percent of 
the primary bending moment at 2—1 and 4 percent at x=2. Here again 


the accuracy of a part of some curves is in doubt; these parts have been 
indicated by thin lines. 


Finally it is confirmed by our computations that the numerical results 
of our eigenfunction method are not very satisfactory. On account of 
the rapid convergence of (124) the eigenfunction coefficients obtained 
from the FourtER-coefficients p, (table I, last column) may be considered 
accurate to a fraction of one percent. Hence even the first eigenfunction 
coefficient, obtained from the eigenfunction method by retaining the 
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Fig. 17. The resulting bending moment m, in various sections x = constant 


(the curves are defined as in fig. 15). 
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real eigenfunction and 5 complex eigenfunctions (table I, second column), 
is some 7 percent in error. Moreover, the root bending moment curve 
calculated by means of the eigenfunction method is not at all smooth. 
We conclude that the eigenfunction method is not suitable for our pro- 
blem unless a prohibitive number of eigenfunctions is retained. 


4.5. Discussion 


On the basis of our extensive numerical calculations for a semi-infinite 
cantilever strip loaded by a bending moment m,,—1 at infinity we may 
now draw some conclusions with respect to the accuracy of the approxi- 
mation to a cantilever plate problem by means of a replacement by a 
semi-infinite strip. Even for a square plate this approximation seems satis- 
factory because at «—2 the disturbance caused by the root is negligible 
(less than 4 percent of the primary bending moment). 


Fig. 18. The resulting bending moment m, in various sections y = constant. 
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A second important conclusion is that the maximum bending moment 
at the mid-point of the clamped edge is about 21 percent higher than the 
average moment at the root. It is worthwhile to observe that this maximum 
moment occurs at an interior point of the root and not at a corner; in 
fact, the root bending moment is zero at the end point of the clamped edge. 


Delft, 12 February 1957. 


PALEONTOLOGY 


FUSULINELLA BRANOSERAE, A NEW SPECIES I. 
BY 
A. C. VAN GINKEL 


(Communicated by Prof. I. M. VAN DER VLERK at the meeting of Jan. 26, 1957) 


In this article is described, a new fusulinid species, belonging to the 
genus Fusulinella from the Carboniferous of Asturia (Spain). 


DESCRIPTION 


General form: 

Fusiform to subcylindrical, sometimes slightly vaulted on one or both 
sides, lateral slopes straight or somewhat concave or convex, depending 
on the vaulting in the aequatorial plane. Specimens with only two or 
three whorls are slightly thicker. The poles are rounded to bluntly pointed. 


Number of whorls: 

The maximum number of whorls is 61/,, but most specimens have 4 
to 5 whorls. In some cases the first whorl] runs at an angle to the later ones. 
Proloculum : 

(For diameter see list 1, in which the outside diameter is given). The 
proloculum is round to slightly oval. 

Radiusvector, sagittal : 

(See list 2a and the graphs 2a and 2b). The radiusvector was measured 
from the centre of the proloculum to the tectum of each consecutive whorl. 
Diameter : 


(See list 3 and the graphs la and 1b). Measuring the diameter is really 
superfluous after the size of the radiusvector has been determined. In 
Russia, however, the diameter is still generally used instead of the radius- 
vector. Therefore, as the fusulines from Asturia are more like the Russian 
than like the American fauna, it seemed practical to determine also the 


diameter, especially so since the latter cannot be directly deduced from 
the radiusvector. 


Height of the whorls : 


(See list 4 and graphs 3a and 3b). Measured was the distance between 
the tectum of the whorl in question and that of the foregoing. 
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Height of the tunnel: 


(See lists 5a and 5b, and graph 4). The height of the tunnel was measured 
at the end of the 2nd, 3rd, 4th and 5th whorls. Measurements were taken 
from the end of the septum to the tectum of the next whorl. In addition 
the proportion was determined of the height of the tunnel and the relating 
height of the chamber. From list 5b it is clear that during the whole 
growth the proportion of the heights of tunnel and chambers remains 
essentially unchanged. Most values of h/H are between 0.2 and 0.3. But 
the range observed is from 0.10—0.46. The tunnel runs slightly irregularly. 


Septa : 


(For the number of septa see lists 7a and 7b, and graphs 5a and 5b). 
In general the septa are perpendicular to the wall, or are slightly bent 
forwards. Sometimes they are clubshaped at the ends, no septapores being 
observed. From axial sections it appears that the septa in the aequatorial 
plane are straight. But near the poles they are irregularly folded and 
form a kind of network. Already near the poles of the third whorl the septa 
are no longer straight. “ 


Fig.1 


Wall: 


(For thickness of wall see list 6 and graphs 6a and 6b). The thickness 
was determined as the sum of the four layers which make up the wall, 
measured in the aequatorial plane. The wall consists of four layers: 
Upper Tectorium, Tectum, Diaphanotheca and Lower Tectorium. The 
Diaphanotheca is about as thick as the Upper and the Lower Tectorium, 
and in the upper whorls has a tendency to dominate both tectoria. In 
the fifth whorl the maximum thickness of Diaphanotheca plus Tectum 
is 15-20 w. In a few cases pores are to be seen in the outer whorls. (See 
plate I fig. 5). 


Formratio : 


(See list 8 and graph 7). The formratio was determined as the proportion 
of halflength and radiusvector and increases in the outer whorls. 


Halflength : . 
(See list 9 and graph 8). It was measured from the centre of the pro- 
~loculum to one of the poles of a given whorl. 


u X= DIAM a8 WH 
Y= = ” 
10? 10° - 
9 9 
6 8 
7 vf 
6 6 
= 
5 ay 5 
& 
4 Ss 4 
© 
» 
3 £ 3 
° 
(a) 
2 2 
a0, 
Yr 05p x 275 yp 
X= DIAM ath WH 
Yo 3" - 
2 2 
10 10 
9 9 
8 8 
i ‘ In this and corresponding graphs on the following pages the 7 
6 heavy solid line represents the connection of che mean for 6 
5 cach whorl of che property in question. 5 
Control limits were placed at two (dot-dash line) and three 
(solid line) standard deviations on either side of the heavy 4 
- solid line 
The vertical heavy solid lines represent the observed 
3 ranges for each whorl 3 
Whorl- Number 
é . assy 
sy x 940" 
u ’ 
10 


Fig. la—lb. Correlation between the 


diameters of subsequent whorls 


Y 
Shy x 41S 
X= DAM 18t. WH. 
op Y= PROLOCULUM 
a 
3p. 
wy x coy 


In this and the corresponding graphs 
on the following pages regression is 
of X on Y. Control limits were placed 
at two standard errors of estimate. 
(Sx) oneither side of the regression line. 


pr UOTIOES [e}I9es JuBIIEGY “OL “Bly 


gL (eroydsorovur) :yeqqseg “6 “BI — °x Zz (ereydsosotuz) :yeyqseg -g “BIg — °x ze (oreyds Oror) :yeWISeg “1, -SIq — -x zg (o1eyds 
“OLOBVUL) 2[BIIGVG 9g “BIG — °X FST (TIOYM WP) setod ey} Surmoys ‘amponaysype\  °¢ ‘BIg — °*X $8 (oreydsoasoeut) {TRIXY Pp Sy 


91 (ereydsoriorm) :[erxy -g ‘Stig "X O€ eroydsororm) :peqyBeg +] “BIg 


S. 


pecie 


Ss 


voseraé, a new 


NKEL: Fusulinella braj 


Y 
x 


GC 


A. C. VAN 


‘(odAQo[OYy) & OT 


(ereydsororm) :yerxy “Ee “SIG — 


PORRR eT OS Ya 


185 
Radiusvector, axial : 


(See list 2b). It was measured from the centre of the proloculum to 
the Tectum in the middle of the tunnel. When the radiusvectors of axial 
and sagittal sections are compared, differences may be observed in the 
mean and standard deviations for corresponding whorls. The differences 
of the two parameters in the 2nd, 3rd and 4th whorls were insignificant 
for a real difference, so they could probably arise by chance. The difference 
between the means in the first whorl, and also the difference between 
both mean and standard deviation in the fifth whorl, were significant for 
a real difference. Seeing that the radiusvectors of sagittal and axial 
sections should not differ, this deviation in the Ist and 5th whorl may 
probably be accounted for by the fact that the number of whorls in axial 
sections cannot be determined so accurately as in sagittal ones. In the 
first a maximum error of half a whorl may be made. 


Angle of tunnel: 


The tunnel-angle was measured with the point in the centre of the 
proloculum and the legs to the edge of the chomata along the outer lines 
of the tunnel. This angle was measured for the 2nd, 3rd, 4th and 5th 
whorl, and was found to become larger in the younger whorls. 


Chomata : 


(See list lla, b, c and d). The height of the chomata was measured for 
the 2nd, 3rd, 4th and 5th whorl (list d). Besides the proportion of the 
height of the chomata and the corresponding height of the chambers was 
measured (list c). List ¢ gives the impression that the chomata in the 
younger whorls become lower in proportion to the height of the chambers. 
To find out if the difference between the mean values of h/H is significant, 
the maximum and minimum values of h/H (0.42 and 0.29) were tested. 
The difference proved to be highly significant, so the tendency in the 
values h/H is real. In the greater number of cases the proportion h/H 
was between 0.25 and 0.45. But the range observed is 0.17 to 0.54. The 
breadth of the chomata was measured for the 3rd, 4th and 5th whorl 
(list 11b). In addition the proportion was determined of the breadth of 
the chomata (b), and their distance to the poles (B) (list lla). B is taken 
as a straight line between the inner side of a choma in whorl n, and the 
pole of whorl n—!/, (see fig. 1). From list lla it would seem that the 
chomata in younger whorls become smaller in relation to the distance 
from the poles. To find out if this tendency is real, the difference b/B = 0.45 
and b/B=0.26 was determined (list). It appeared that the difference may 
be owing to chance, with a probability of 0.1 %, so this difference is 
highly significant. The tendency observed is therefore to be looked upon 
as real. In the greater number of cases the proportion b/B was between 
0.26 and 0.45. The observed range however, is 0.14—0.60. 
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Discussion 


The fusulina here described, is a progressive member of the group 
Fusulinella bocki. 

Of this group are known from Asturia: Fusulinella bocki MOLLER and 
Fusulinella bocki var. delepinet GUBLER. 
1. Fusulinella bocki MouuErR differs from Fusulinella branoserae n.sp. 
by a smaller formratio, which is practically the same for each whorl. 
The diameter is larger, the length of the axis smaller. Further there is 
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the typical fusulinella wall structure with relatively thick tectoria. 
Diaphanotheca and tectun: are thinner. The chomata are more developed 
(both wider and higher). The walls are much thicker, the proloculum has 
a greater diameter, the tunnelangle is smaller and the number of septa 
is greater. 
9 Fusulinella bocki var. delepinei GiBLER differs from Fusulinella 
braitoserae n.sp. by a smaller formratio (even of the long type). Further 
the diameter of the proloculum is generally smaller and the number of 
septa is greater. Moreover no pores were observed in either of these two 
species (1 and 2): 

Of the other fusulines in the group Fusulinella bocki MOLLER, Fusulinella 
brafioserae n.sp. distinguishes itself immediately from: 


Fusulinella (Neofusulinella) subrhomboides Ler and CHEN, 

Neofusulinella biconica HAYASAKA, 

Neofusulinella ? (Schubertella) Chaoi Lex, 

Neofusulinella giraudi DEPRAT, 

Neofusulinella lantenoist DEPRAT, 

Neofusulinella phairayensis COLANI, 

Neofusulinella praecursor DEPRAT, 

Fusulinella (Neofusulinella) parva Lee and CHEN, 

Fusulinella bocki MOLLER var. pauciseptata RAUSER-CHERNOUSSOVA and 
BELJEEV, 

Fusulinella bocki var. zidoensis HuzIMOoTO, 


by a greater formratio for the species described above. 

The description of Fusulinella (Neofusulinella) colanii LEE and CHEN 
rests merely on a few not orientated sections. Owing to this a comparison 
was very difficult. Probably it is very similar to Fusulinella bravioserae, 
although Ler does not make any mention of small pores. A further 
description of this species is necessary, to point out more differences. 

The same holds good for Fusulinella (Neofusulinella) fluxa Len and 
CuEeNn. With this species the diameter and the length of the axis are 
presumably slightly greater, and the formratio slightly smaller. The 
proloculum is much greater than in Fusulinella branoserae n.sp. 

In Fusulinella (Neofusulinella) praesimplex Lux the diameter, length 
of axis and proloculum are greater. For this species Len also mentions 
pores in the last whorl, which shows a similarity with Fusulinella brano- 
serae n.sp., and indicates an equal stage of development for both 
species. 

Fusulinella (Neofusulinella) pseudobocki Ler and CHEN has a greater 
axial length and diameter, while the diaphanotheca is thinner in proportion 
to the lower tectorium. 

Fusulinella (Neofusulinella) chuanshanensis LEE and CHEN distinguishes 
itself by a greater diameter, axial length and proloculum. 
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Fusulina lantenoisi Durratr has a smaller proloculum, the septa being 
more strongly folded and differently shaped. 

The differences mentioned here between Fusulinella branoserae n.sp. 
and other species of the group Fusulinella bocki MOLLER do not claim to 
be complete, but only serve to bring out the distinctions quickly. 

As has been said before, Fusulinella branoserae n.sp. has the highest 
level of evolution in this group and in this is equalled by Fusulinella 
(Neofusulinella) praesimplex Lux. The structure of the wall reminds one 
of a Triticites. But the stronger development of the tectoria, the still slight 
thickness of wall and septa, the trabeculi of the tectum which do not 
branch out, indicate a stage of evolution which prevents the fusulina 
described above to be reckoned to this genus. 

A. DE ALVARADO and A. H. Samprnayo [2] record the occurrence of 
the genera Fusulinella, Fusulina and Triticites in the Sierra Coriza Lime- 
stone (see below: “Type level). Until now I did not succeed in proving 
the presence of the genus T7'riticites in the Sierra Coriza. The possibility 
is that the Triticites of ALVARADO and SampELayo is identical with the 
species described above. Obviously Fusulinella bratoserae n.sp. is not a 
Tritecites, on the other hand this species is akin to the genus Protriticites 
Putrja 1948 [1]. This genus has a wall structure with pores which do not 
branch out, just as in Fusulinella brafoserae n.sp. But in Protriticites 
these pores are found in all whorls, and moreover the inner tectoria are 
absent in the outer whorls. 

The species which resemble Fusulinella brafioserae most closely (prae- 
simplex, bocki var. pauciseptata, bocki var. zidoensis, colanii, fluxa, pseudo- 
bocki) all occur exclusively in the Moscovian. The genus Protriticites 
occurs in the upper part of the Middle and the lower part of the Upper 
Carboniferous in Russia. When considering the fusulines only one might 
fix the age as Westphalian © or D. 


(To be continued) 
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PALEONTOLOGY 


FUSULINELLA BRANOSERAE, A NEW SPECIES. II 
BY 


A. C. VAN GINKEL 


(Communicated by Prof. I. M. VAN DER VLERK at the meeting of Jan. 26, 1957) 


REMARKS 


The Brafiosera limestone was crowded with forams. As I did not know 
a method to extricate the fusulines from hard limestones, thin sections 
were made. I did not succeed in making orientated sections, because of 
the small size of the specimens and the proloculum. For this reason a 
great number of these thin sections was made at random, the result being 
a fair number of sagittal sections. The number of good axial sections 
obtained in this way was considerably lower. As the successive whorls 
form a logarithmic spiral, graphs were drawn on semi-logarithmic paper. 
This has the advantage that the variations of a property for the several 
whorls may be directly compared in the graphs, the differences being 
expressed in percentages, not absolutely. It was B. H. Burma [3] who 
introduced this method for the fusulines. In order to express these 
differences in variation, for the several properties and whorls, not only 
in graphs but also in numbers, I made use of the variation coefficient 
(see lists). The change in slope of the 2 ¢ and 3 control limits and their 
distance to the mean line corresponds directly with the change and size 
of the variation coefficient. From the graphs and lists it appears that, 
although the standard deviation shows an increase in the absolute sense, 
this will probably not be the case procentually. It then has the tendency 
to decrease. So the parameter showing this is the variation coefficient. 
Statistically it was proved that the decrease of this coefficient is real. It 
appeared that the differences between the variation coefficients of: 


1. the diameters of the proloculum and 5th whorl, 

2. wall thickness in Ist and 5th whorl, 

3. wall thickness in 3rd and 5th whorl, 

4. radiusvector (sagittal) of Ist and 5th whorl, 

5. number of septa in 2nd (cum) and 5th whorl (cum), 


were significant to highly significant. In the graphs this tendency is shown 
by the 2 ¢ and 3 o control limits approaching the mean line in the younger 
whorls. For most properties this variation coefficient is about 15-30 %. 
Only for the number of septa the variation coefficient was less than 15 °%. 
Before discussing why the variation coefficient decreases I should mention 
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a significant correlation between the number of whorls and the diameter 
of the proloculum (see fig. 2). The correlation coefficient (r) was: —0.52. 
Accordingly, the greater the proloculum, the smaller will be the number 
of whorls making up the specimen. This would chiefly account for the 
decrease of the variation coefficient. For, if the group with the greater 


Fig 2 


Number of the whorls(y) 


x Diameter prosoculum(x) = 
= 39M z 
Fig. 2. Correlation between the diameter of the proloculum and 
the number of whorls 
P = plectogyroid 
e) represents axial section 
x represents sagittal section 
r correlationcoefficient = 0,52 
Estimating y from x gives a regressionequetion y= —0,029x+6,23 with a 


standard error of estimate (Sy) =0,91 whorl. 
Estimating x from y gives a regressionequetion x= —9,28y+103,70 with a 


standard error of estimate (Sx) =16,19m. 
Control limits placed at a distance of two staudard errors of estimate from 


the regressionlines. 
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prolocula (e.g. 100 ) should also include specimens with five whorls, the 
variation coefficient would increase. 

Further it was investigated for the several properties to what degree 
the variation could be explained by regression (see lists below Sp 1 and 
Sp 2). It appeared that indeed regression might account for 80-90 % of 
the variations for the diameter and for the radiusvector (sagittal). For the 
number of septa (cum.) it was 70-80 %. Naturally, for the height of the 
whorls and the number of septa per whorl this percentage was lower than 
for the radiusvector and the number of septa (cum.), namely 50-65 % 
and 2-30 % respectively. For the thickness of the walls 20-45 % was 
found 1). 

Besides the semi-logarithmic graphs of a given property as compared 
with the number of whorls, regression lines were drawn for each whorl 
on the one before. Together they give a completer view of the most likely 
development of a given property during the growth *). 

The occurrence of plectogyroid and non-plectogyroid specimens might 
be the biological ground for the distinction between forms A and B. 
It was hard though to keep to this distinction, the angle between the 
first and later whorls being very small, especially for the specimens with 
greater prolocula. In fact all stages from plectogyroid to non-plectogyroid 
were present. From fig. 2 it appears that the clearly plectogyroid specimens 
chiefly occur in specimens with small prolocula and numerous whorls 
(5 to 6). 

During the investigation it was found that several distributions from 
which the statistical parameters were calculated were slightly skew. 
For instance this was clearly the case with the diameter of the proloculum, 
radiusvector, diameter and height of the tunnel. Here the distributions 
are skew to the higher values. This skewness decreases in the younger 
whorls. Some of the skewest distributions were tested on normality 
(x-square) which proved that the deviation from normality were not 
significant. Although this does not exclude the possibility of the skewness 
being real, there is no need to give another, e.g. geometrical division of 
the abcis. 


TYPE LEVEL 


In this region R. H. WaGner [4] distinguished a coalbearing Barruelo 
formation, and Branosera formation lying below it stratigraphically. 
The Barruelo formation would be 700-800 m thick, and on the grounds 
of the flora which he determined, its age was fixed as Stephanian A. 
The lower coalgroup (Pozo Pefia-corba) right at the base of the Barruelo 
formation has a flora with an age of Lower Stephanian A. 

The Brafoserae formation is reported to be 1200-1400 m thick. From 


1) For axial sections no correlations could be made, the number of well orien- 
tated sections being too small to get to a significant correlation. 
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the brachiopodes mentioned from this formation. one might conclude to 
an age of Westphalian, while further was stated that it is yet impossible 
to indicate which stage(s) in the Westphalian are represented by this 
formation. R. H. Waener continues about the Brafosera formation: 
“In Penia-corba it is limited by the formation of Barruelo (Stephanian A), 
in Brafiosera it disappears under the discordant cover of the Permo-Trias. 
The formation consists of shales and grey-coloured sandstones with 
intercalated limestones.” 

R. H. Wacner points out that foraminifera frequently occur in these 
intercalated limestone-layers. 

The species described above is from one of these limestones of the 
Branosera formation, 1200 m under the Pefia-corba group, so approxima- 
tely where this formation is covered by the discordant Permo-Trias. 
This new species was also found in the Sierra Coriza limestone (200-300 m 
thick), at about 13 km to the West. This limestone lies about 1100 m 
under the San Felices coal group and 400-850 m above the San Cebridn 
coal group. For the San Felices coalgroup WAGNER gives an age of Lower 
Stephanian A., and for the San Cebridn coalgroup of Lower Westphalian 
D. So it is obvious that the Sierra Coriza has an age of Westphalian D. 

As yet it has not been decided if this species occurs much lower than 
Westphalian D., but in Asturia it certainly does not occur in layers which, 
according to DELEPINE [5] have an age of Westphalian A. (the upper 
200 m of the Caliza de Montafia). In layers of this age DeLEPInE mentioned 
of this genus: F'usulinella bocki MOLLER and Fusulinella bocki var. delepinei 
GUBLER. It is hard to determine the latest occurrence of Fusulinella 
bravoserae n.sp., as in Stephanian A. the terrestrial deposits with coallayers 
strongly dominate the marine limestones. In the few thin marine lime- 
stones from Stephanian A. no fusulinids were found until the present. 
Stephanian A. is succeeded discordantly (Asturian phase) by Stephanian 
B-C, where certainly no limestones occur containing foraminifera, but 
where limestone conglomerates are found, sometimes with an abundance 
of fusulines in the pebbles. 


TYPE LOCALITY 


The description of this species was based on specimens which are all 
from the same locality. This is at about 500 m West of the village of 
Branosera, in the valley of the Rio Rubagén (Loc. XX XVIII = Loc. 309 
WaGNER). This village is at about 3 km North West of the larger mining 
village of Barruelo, in the North East of the province of Palencia (Spain). 

The name of the species was derived from this village of Brafiosera. 


TYPE SPECIMEN 


_ Holotype and paratypes are deposited in the “Rijksmuseum van 
| Geologie en Mineralogie’, Leiden, Holland. 
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PHYSICS 


ON MEASURES OF INFORMATION 


(Communicated by Prof. R. Kronia at the meeting of January 26, 1957) 


This paper deals with an extension and generalisation of the general 
measure of information indicated by ScutitzENBERGER and of the con- 
ditions this measure has to fulfil. The generalisation can be brought 
together with Schiitzenberger’s measure of information into a unified 
notation by the use of measure theory. Some properties are established. 

This work has been carried out at the ‘‘Physisch Laboratorium der 
Rijksverdedigingsorganisatie T.N.O.”1) in the group on information 
theory under the direction of Prof. Ir. J. L. van Sozst, director of the 
“Physisch Laboratorium’. 


1. Introduction 


In the borderland between physics, communication engineering, and 
mathematical statistics we find the theory of information. In accordance 
with the stress that is laid on any of these disciplines, several definitions 
and interpretations of them are in circulation as “‘quantity of information”’ 
or “measure of information”. 

Generally it can be said that they say something about the ‘“‘spread”’ 
or the “‘sharpness” of a probability distribution. We shall not enter here 
into the question of interpretation, but confine ourselves chiefly to their 
mathematical structure, that can be inferred from some of their properties 
that are posed as postulates. These properties give some justification to 
the use of the name (quantity of) information. 

Let x be a variable that either can take on discrete “‘states”’ A,(1=1, 2,...) 
or that lies in &,,. The probability for z to take on its “values” is determined 
in the first case by the probabilities P(t) for A,(i=1, 2,...) and in the 
second case by the probability density p(a,, ..., x,). 

In physics and communication engineering Shannon’s measure of 
information or ‘“‘entropy”’ H is defined to x. This is the basis of mathe- 
matical communication theory (see Ref. 1) and it has a close connection 
with statistical mechanics (see Ref. 8): 


(1) H= => (a) log P(2) 
or 
(2) Ha \ay, 2. 8,) 102 Dia, -<., @,) ty ... dx,,. 


1) Physical Laboratory of the National Defense Research Council. 
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Notation: log stands for logarithm with base 2, In stands for natural 
logarithm. 

Fisner defined a quantity J that has some importance in the theory 
of statistical estimation. There the P(i) and p(a,,...,%,) depend on a 
parameter §. The aim of the theory of statistical estimation is to estimate 
the value of 6 as accurately as possible from experimental data. J is a 
measure for that accuracy (see Ref. 2 and 3): 


>? 


(3) [ = 2, P(i|6) spi in p(i|6) 
or 
(4) I= — f pla, .-:, #10) ait p(%4, +--+) LylO) dxy...dx,. 


Scut'TZENBERGER showed that (1) or (2) and (3) or (4) are special cases 
of a more general concept of measure of information (see Ref. 4). He 
imposes upon his quantity # some conditions (in the case of discrete 2) 
that are practically equivalent to the conditions that SHANNON imposes 
upon his quantity H (see Ref. 1, page 19). In Ref. 4 they are given for 
m=2; we repeat them here for n arbitrary: 


I. A#A(P(1), ..., P(n)) is a functional with the functions P(1), ..., P() 
as arguments. We do not see the P(t) as functions of their index 7, but 
as functions of some parameters, as in (3) where the P(i) depend on 6. 
Here lies the generalisation with reference to the H of SHANNon: There 
it is required that H be a function of the n real numbers P(1), ..., P(n), 
so H depends only on the magnitudes of the P(7). The arguments of # 
are “points” of a function space, so # can depend on the variation of 
the P(i) with its parameters, as we see in (3). 

Il. # has to be uniformly continuous in its m arguments. 

Ill. # has to be symmetric in its n arguments. 

IV. It must be possible to build up “ from the #’s for the partial 
choices from which the total choice out of n states can be built up: 
H has to be the sum of the partial #’s, each multiplied by its probability. 
This is SHANNON’s condition 3 (Ref. 1, page 19). It can be written: 

Let 


> Pi)=P, > P(i)=1-P, 
i=1 i=m+1 
then 
\ Ht (P(1), ..., P(n)) = 27 (P, 1—P) + 
(5): > (P() P(m) P(m+1) P(n) 
/ + PH (= B) +0 Poe (GES, .... SS). 


(6) H(P(1), ..., P(n)) = ¥ P(i) Dn Pi), 
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Here D is a linear operator that operates on the parameters on which 
the P(i) depend, but not on the index i. 


2. Extension to continuous distributions 


2.1. It is obvious to extend (6) to 


(7) Hp) = J p(x, ..., %,) D In play, ..., t,) UE sails 


n 


where the linear operator D operates on the parameters on which p 
depends, but not on the variables z,, ..., one 

One can try to attain (7) by dividing the R, into cells A,V with volume 
AV. 
(8) P(3) == OE a, he) Oar nan Oe 


Ay 


is the total probability for 4,V. Further, let 


(9) h=)> P(t) Din P(2) 

and let the function x(z,,...,,) be defined as constant on each AW 
and by 

(10) eA Vora a) 


(z is the average of p over 4,V). Then 
(11) DAY 2 | 9G, -22,%,,) Dla als, ..:,%,) dx, ...dx,. 
If D is an operator for which D In AV=0, we see that lim A exists 
AV-0 
and is equal to (7). 
This is the case for Fisher’s J where D = —d2/)6?, but not for D a multi- 
plicative constant (e.g. D = —1/In 2, which gives Shannon’s H). When 


lim f/ exists and is equal to (7), we shall call here the information 
AV->0 
measures (6) and (7) consequent. J is consequent, H is not. 


In general (7) is not invariant under transformations of the ‘“‘coor- 
dinates” x, ...,7,. Let 4, ..., Y, be a set of new coordinates. They have 
the probability density 


(12) p* (Yas ---5Yn) =F (") p (a, Leon 


Y 


where J is the Jacobian. It is well-known for H and it can be proved in 
the same way for # as for H that 
(13) H (p*) =H (p) + fp(a,, --., £,) Dind ) tn Oe, 
It is possible in (13) that D InJ(7)=0, eg. for D= —2/)62, as J is 
independent on the parameters. 

Generally, of course, this is not the case. 
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2.2. Schiitzenberger’s condition IV too presents some difficulties when 
we try to extend it to continuous distributions. It is proved easily that 
for (7) the following holds. If we divide the F, into m parts E41, 2; -02,) 
with total probabilities 1; (i=1, 2, ...,m) and if we define 


l 
(14) I; (2, ---) Un) = 7 P(%, jg a) OU 
=0 outside FL; 
then 
\ is PED AS 
(15) ) ae m 
+ > Ay fy (ay, «2-5 %q) D In m1, (2%, ..., Bq) Cay ... Oa, 

i=1 
or 
(16) Hp) = H(A) + ¥ A, Am). 

i=1 


But when # is not consequent, #(A) and #(x,) or #(p) are not in- 
formation measures of the same kind. So, strictly, (16) is not an extension 


of (5). 
2.3. The natural extension of condition IV is the formula 
(17) KH (x, y) =H (x) + #, (y). 
This is the generalisation of Shannon’s well-known formula 
A(x, y)=H (x) +H,(y) (see Ref. 1, pp. 21, 55). 


In (17) # (a, y) is information measure for a probability density p(x, y) 
on R,. 

A(x) is information measure for the one-dimensional distribution 
p(x) = fp(x, y) dy. Further 


(18) KH, (y) = Sp(x) A (,(y)) dar 


where #(z,(y)) is the information measure for the conditional probability 
density 


P(x,y) 
p(x) 


, (y) = on Y with given 2. 


(17) still holds when’ a or y are more-dimensional or discrete variables. 
With discrete variables integrals are replaced by sums, so (18) is replaced 
by 


(19) H ,(y) =X P(x) HULAY)) 


where J7,(y) is a discrete distribution. 
The condition (17) replaces (5) for continuous distributions and _ is: 
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equivalent to (5) for discrete distributions. This can be seen from (5) by 
enumerating P(1),..., P(n) as 


delle RD 24 Ge Peer Law) POA Pe. 2 pee (2a wit i: =n —™m, 


To the smallest of m and y, Say “, a number of P(i, 7) can be added 
that are taken 0 till one has the sequence of probabilities 


P(1, 1), PG, 2), ..., P(l, m); P(2, 1), P(2, 2), ..., P(2, m). 


By letting x take on the values 1 and 2 and y the values 1, 2, ...,m 
(5) can be brought in the shape of Cuz, 


? 


3. Generalisation of Schiitzenberger’s quantity of information 

A remark by ScHtTzENBERGER (Ref. 4, page 927), together with the 
use of (17), leads us to a generalisation. It is given here for the continuous 
case. but of course it applies to the discrete case too. 

Let p(%,, ..., %,) and q(a,, ..., 2) be two probability densities on R, and 
D,, Dy, two linear operators that work on parameters on which p and q 
depend. Consider 
(20) #°(p)=Jp(a, ..., %) {D, In pa, ..., %)+D, In Gyr Ua) ay a. Oe, 

Discrete: 

(20a) H => P (i) {D, In P (i) +D, In Q (i)}. 

These forms satisfy (17) if we interpret #, (y) in the right way. Let 
P= P(X, ¥)=P(x)7y), p(x) = fp(a, y)dy, 
7=4(u, y)=4(x)x(y), 9(x)=Ja(a, y)dy. 

Then we have 

ony (A(x, y) = Jp(x){D, In p(x) + Dy In q(x) }dae + 

; ( + Sp(a) [fre(y) {Dy In ,(y) + Dy In x,(y)}dy er. 


We have a right to define the last term of (21) as %, (y). This is seen if 
we compare it to (18). The only case that has importance is probably 
D, = —D,= —D 


(Othe, come te) 


(22) KH (p) = f D(a. Son X4) dD Eee area dx, ree din, 
Ye P(t) 
(22a) SOG Ura 


For D=1 these measures of information are known from mathematical 
statistics. KULLBACK and LEIBLER pointed out their connection with 
information theory and derived some properties (see Ref. 9 that also 
contains a bibliography on the application of (22) in mathematical 
statistics). 

14 Series B 
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(22) could be seen as the measure of information for p with q as a 
“distribution of reference”, or perhaps as the information we gain when 
the distribution qg for x is eiarotred to p. In one case it has occurred in 
this sense: See Ref. 5, page 39 (13) and page 40 (14). This interpretation 
would imply that the gain of information is not a difference of uncertainties 
or entropies for p and q, but a ‘“pseudo-difference”, viz. (22) or (22a). 
If in (22a) for pastes P(i)=0 (t#k) and P(k) 1, then we have 
H = —const. In Q(k). This is found in the literature as ‘Snformation on 
receiving the kth sees (without noise). See e.g. Ref. 5 (11) with 


pyle) =1. 


4. Notation with measure theory 


4.1, Let » be a probability measure on a space X and yw an arbitrary 
measure on X. Let v<u (vy absolutely continuous w.r. to “) ie. u(#)=9 
implies »(#)=0 for any measurable subset HE of X. 

In all cases mentioned before, this is fulfilled. For it is implicitly 
required in (22) and (22a) because if Q(7)=0 and P(i) 40 

P(i) D In (P(i)/Q(t))=co whereas for a =P(i)=0 the term 
P(i) D In (P(i)/Q(i)) can be equated to 0 without objection. 

If v<p the Radon-Nikodym derivative of » w.r. to yu exists. 

Notation: dv/du (see Ref. 6, pp. 128 a.f.). 

As measure of information for » with respect to u we define: 


(23) H (v) = \(Zpme an) 
(24) Hv) = {(Din=) dy 


(see also Ref. 9). 

The integral is the general measure theoretical integral that includes 
ordinary integration as well as summation. 

(23), (24) include all cases that have been dealt with up to this point: 


i. X is a discrete (enumerable) space and » is determined by the 
probabilities P(t) for all x,¢X. uw is determined by «(£)= > a(x) 


B 
where the a(a) need not be probabilities. ie 
We have 
© (x) = 
du“ *" aaj) 


The concept of integration is here: 
J fee)do(x) = F PHM) 
So: 


dy . Pi 
[((D es dy = 3 P(i) Din wat 
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For a(x)=1 we return to (6). 


(H#)=number of points in Z. 


ii. X is the Euclidic R, and » and f are probability measures defined 
by the probability densities Oe Tepe Paws a) 


Here is 
aay hee JGR soos tin) 
iy SE Ga a 
le G(ieraesGr) 
and 


nm 


[ f(a)dv(x) = J (a, seep Op) f (yy 2-5) U2, 2.04 
So we have 
sd 1— f (; y (DOr oven Ap) 
(DinZ)a =| ‘D(X, stag ad sO or espera tee noo dz, 


which is (22). 


i. Let « be Lebesgue measure on R, and » as in ii, Then 


d 
Fa (1) = Ply «+2 %y) 
and 
[(D In Fe ole sees gel) In (a2, &,) Ot, «Ome 
which is (7). 


The forms (23), (24) in a sense still generalize: they apply to mixed 
discrete-continuous distributions, to spaces X that are non-enumerable 
but not an £#,, and to measures uw that are not a probability measure, 
Lebesgue measure or number measure. 


4.2. The formula (17) #(x,y)=AH(x)+H,(y) still holds for (23), 
(24) when the (x, y)-space is the product space of measurable spaces 
X and Y. The proof is straightforward for the case that pis a probability 
measure on X x Y or that yw is product measure of two (arbitrary) 
_ Measures “, and wu, on X and Y. It rests on the relations that hold resp. 
in these two cases 


dy — dy") dy) dy — dy") dy? 


2 — = —_— 26 —= 
i2®) ad a” dp?) f26) du du, dp, 


Here »® and uw” are the probability measures for x on X determined 
by » and w. vP, uw? are the conditional probability measures for y on Y 
with given «. 


4.3. The formula (17) now accounts for (15) and (16): We see the 
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left sides of (15) and (16) as #(x, y) where the (x, y)-space is product 
space of X and Y with 


X=finite space with m points 2, ..., %m- 


Y =Euclidic R,,. 


» is determined by the probabilities 2,,..., 4, for 2, ---:%m and the 
conditional probability densities 2;(y, ---, %,) for y with given 2 
(Ga Dy wang DE 

wis product measure of the number measure on X and the Lebesgue 
measure on Y. 

In this way (15) can be written as a special case of (17). 


4.4. (23) and (24) are invariant under a measurable transformation 
that has an inverse. For a more general statement see Ref. 9. 

Let y=7(x). The transformation 7’ defines measures v7~' and Py hoe 
on Y by 
(27) v0 F) = (P(F)) 
(28) wT (F) = w(T-(F)) 


for every measurable subset F of Y. 7~1(F) is the inverse image of F, 
defined as the set of all 2 in X with 7 (x) in F. 
vy <u implies y <yT. So on ¥ the Radon—-Nikodym derivative 
exists 
dyvT'-1 


(29) ara ~ 9) 

We define on Y 

(30) H*=Jg(y) D In gly) duT* (y) 

By a theorem of measure theory 

(31) H* = {9(T(a)) D In g(T (x) du(c). 

By making use of the fact that 7’ is a (1,1)-correspondence one sees that 
(32) g(T\a)) = z (x) So: (33) #*=9 


Of course, this does not disprove the fact that by (13) #% is not invariant 
under transformations of coordinates: for, if « is Lebesgue measure on 
the R, of the (a, ...,%,), its “transform” «7! need not be Lebesgue 
measure on the R, of the (y%, ..., y,). 


5. Properties of (22) and (22a) 
5.1. The forms (22) and (22a) are always consequent (see 2.1) and 
invariant under transformations of coordinates. 
(Let 4, ...,Y, be a set of new coordinates with probability densities 
p*, q*. Then we have 
Pir, 2045 Uy )Ay ... y= p* (Yy ..6, Yg Ys «+» AY, 
Q (Hy, ++) Vy) Day... Alig =Q* (Yq -005 Yn)AYy «»» BYqs 
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5.2. Let p,q be distributions of (x, y). If x and y are independent in 
the distribution g, then the quantity 


(34) AY) —H, (y) = H (x) —#H, (a) 


is independent on g and equal to the corresponding quantity that follows 
from a definition for measure of information in the form (6) or (7). So if 
we take D— —1/In 2 the important quantity 

(35) R= H(y)—H,(y) = H(x) — H, (x) 


(Rate of transmission of information, Ref. 1, pp. 36, 66, 77) in Shannon’s 
theory does not change if we replace Shannon’s definitions (1), (2) by 


(36a) A = — 2 P(i) logo resp. 
(36b) He = = [Pla <5, X,) log Bae) de, sae Ges 


(Provided Q and q are distributions of independent variables as soon as 
more variables enter.) 

This property holds for discrete, continuous or mixed distributions of 
any variables. The proof is given here for x and y real numbers and 
P(x, y), (x, y) probability densities on R,. 


(37) p(x, y) = P(x)x,(y) = IT (y)p, (x) 
(38) qx, Y) = Q(x)x,(y) = K(y)4,(2) 
where 


P(x)=JSp(x, y)dy = Q(x) = Sa(ax, y)dy 
IT(y)=Sp(x, y)dx K(y)=Jq(x, y)dx 


Hy) ~H Ay) = SITy) Din dy ~f ple, y) Dn 44 dedy = 


K( Hal y) 
= fII(y) Din IT(y) dy —J p(x, y) D Ina, (y) dady + 


1 1 
+ fil(y) D In Kw dy —J p(x, y) LE Srey dudy 


If x and y are independent in q, then q(x, y)=Q(x)K(y) and x,(y)=K(y). 
So the two last terms cancel and what remains is equal to #(y)— #, (y) 
according to the definition (7). 


6. Properties of (36a) and (36b) 
6.1. The measures of information: (36a) and (36b) are: 
i. consequent. 
ii. invariant under transformations of coordinates. 
iii. They give the same rate of transmission of information RF as in 
Shannon’s theory under certain conditions for q¢ resp. Q. 


Further they are semi-definite: (36a), (36b) are < 0, with = sign if 
and only if p(x,, .-., z,)=@(2%, ---, %) resp. P(t)=Q(t) (¢=1, 2, ...). 
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Proof: The function —xlog 2 is strictly concave for x>0. f(z): is 
called concave on [a, b]} if yaw 


(39) f(Aaty + ity) = Af (ax) + wef (Xe) 


for any 2,, 2, in [a,b] and A, ~20 with A+m=1. 

f(a) is called strictly concave if the = sign in (39) holds only for 4=0, 
A=1, OF %=2,. 

Concavity is characterized by: d?f/dxz*<0 on |[a, 6], strict concavity by; 
d?f/dz? <0 on [a, b). 

Let 4,20 (¢=1, 2,...); $A,=1 and let A(x, .:., a) be a probability 


density on R,. Then we have the extension of (39) 
(40) KYAw)z DA f(xi), 


(41) la Gy ss, 30 G+ ) Oy te eS 
= fAlx,, <i, Hy f(Glei, «--5%,)) dzy -.. day 


See further Ref. 7. 
We substitute in (41) 


f(x) = —ax log z, 
i i oa  \ . P(Xay «++9 Za) 
M45. <sn5 Vy) = OE, arin Seale Glas «oes He) = Pea ae 


This gives 


—llog lL=2—Jq(a, 149 tq) Pts a) Jong Pie cose ed ie, . dx, 


Q(Xyp «++» Ln) Q (24, ---» Zn) bg 
or 


se 5 P(x, oee9 Xn) 
(42) JP(@1, -.-, %_) log To daxy...dt, S 0. 


As —2 log is strictly concave, the = sign holds only for p/q = const. 
or p =g, 


6.2. We take, for n=1, 


(43) giz) = —= exp }— 3 ss (w—2,)? 


= — f p(x) log p(x) dx —log a V2a— ee Sp(x) (a —29)*da, 
(44)  Jp(x) (w—2a)*dax = P=“power” of x with reference to 2. 
So 
H (x) = H(x) —log oV 2x exp (P/o?). 


If we choose o?=P, 


(45) H (x) = A(x) —log V2neP. 
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We know from (42) that (45) is < 0. So we have a strict proof that H 


attains a unique maximum under the condition Sp(x) («—x)*dx=P for 
x normally distributed around ay. Current proofs use calculus of variations 
which, however, gives only a necessary condition for relative extremes 
(see Ref. 1, page 55). 


—_ 
. 
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GEOLOGY 


THERMAL GRADIENT OF THE EARTH 
BY 


R. D. SCHUILING 2) 


(Communicated by Prof. F. A. Venrya Merxesz at the meeting of February 23, 1957) 


Before attacking the problems of the present subject, the writer will 
give an account of the data, laws and premises upon which further 
computations and conclusions will be based. 

The data on heat production are summarized in table 1, computed 


after Brrcn [2]. 


TABLE 1 


Heat productions of the materials, forming the earth. 


pranite. .s «.. ». + 2.107 eal/esec. 
basalt).. << + «a = + “O36 

peridotats *. .. . . - O.006 

iron meteorite . . .. 0.0013 


Table 2 summarizes the structure of the earth of a continental and an 
oceanic section. 


TABLE 2 


Structure of continental and oceanic section of the earth. 


Rock type Continent Ocean 
pranite;; « 2403.4 4 Lo kom 
basalt | 200s bsp © sumelO> Derm 5 km 
peridotite. . ... . 2900 km 2900 km 
core material . . . . 3400 km 3400 km 


Any calculation of heat transfer will make use of the law Q=k=, in 


: ; Hh 
which Q is the heat flow, = the thermal gradient, while & is defined as 


a coefficient of heat transfer. 

The mean heat flow to the cm? amounts to 1.2, 10-6 cal./em-.sec. 

Convection will fail to set in whenever the gradient is below the adiabatic 
value. 

We will start with a very simple reasoning; let us consider a section 
of a continent and of an ocean down to the core, add the heat productions 
of all the different layers we encounter. We must take into account the 


1) Mineralogisch-Geologisch Instituut, Oude Gracht 320, Utrecht. 
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downward narrowing of our section up to zero in the earth’s centre. as 


well as the densities. This addition is given by table 3. 


TABLE 3 


Sum of heat productions below lem? of a continent and of a ocean. 


Rock type Total heat generation (1076 cal/g.sec.) 
continent ocean 
CARVIN ye 5 Sa ee 0.85 = 
baseline ice mene ae 0.16 0.05 
peridotite; . 5... . 0.58 0.58 
core material... . . 0.06 0.06 
- + 
1.65 0.71 


From this table we might expect the heat flow under the oceans to 
be about 2} times less than the heat flow on the continents. This expecta- 
tion is not borne out by the recent measurements of BULLARD, MAXWELL 
& Reverie. Although the observed values are more erratic than the 
observed continental values, the general conclusion to be drawn from 
their measurements is that the heat flow under the oceans is of the same 
order as on the continents. Before we can penetrate farther into this 
problem we shall need to know more about the temperature distribution 
in the earth, as obviously this simple approximation was a failure. To be 
able to learn about the temperature distribution in the earth one has to 
know in what way heat is transferred. For the earth’s crust we may 
safely assume that heat transfer is only by conduction, local convection 
by volcanism and hot springs being relatively unimportant. The study 
of the variations of the Earth’s magnetic field leads to the conclusion 
that convection prevails in the core. The mantle material has some 
strength, when convection occurs it will be at most of an intermittent 
(episodic) character. 

When we would know one temperature somewhere in the core we 
might extrapolate this value with the aid of the adiabatic gradient to a 
temperature at the core-mantle boundary. 

Knowledge of radioactivities and conductivities in the earth’s crust 
provides us with the solution of the conduction equation, from which we 
derive a temperature at the boundary crust-mantle. 

This is principally the way in which we hope to derive a temperature 
distribution in the earth’s interior. This way seems to us to be the most 
logical. We know how the heat is transferred in core and crust. On the 
contrary we don’t know the means of heat transfer in the mantle. It will 
always be at least partly conductive, possibly temporarily convective, 
while radiation may play a part [4]. If indeed convection occurs at times 
in the mantle, we must accept the idea, that there is no definite stable 
distribution in the mantle; we might say at most: the gradient in the 
mantle will not greatly surpass the adiabatic value. 
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Let us start the working-out of the problem of the temperature distri- 
bution in the way indicated above. 

The core: If we accept the view that the core consists of nickel-iron, 
and the hypothesis of the existence of a solid inner core with a radius of 
1200 km, we must conclude that the boundary inner core-outer core 
represents the phase-transition solid iron-liquid iron. Smion [9] computed 
this melting-point at the prevailing pressure to be about 3900° K. The 
solidification of the iron is explained by Jacogs [6] by contending that 
the (steeper)melting-point curve intersects the curve for the adiabataic 
gradient. Considerations about the magnitude of the adiabatic value in 
the core make it probable that the temperature at the boundary core- 
mantle is about 3000° K. 

The crust: when dealing with rocks we may not use the Franz—Wiede- 
mann law which states that the ratio of electrical to thermal conductivity 
is proportional to the absolute temperatures. The investigations of 
Brrcw & CLARK [1] and Coster [5], have made that undoubtedly clear. 
With the aid of Birch’s curves for the variation of the thermal conductivity 
with temperature we may make some reasonable assumptions for the 
variation of k (=thermal conductivity) with depth. The decrease of k 
with increasing temperature makes it probable that the gradient will 
steepen in the first kilometers. This is exactly, what TurrLe [10] found. 
This steepening is soon undone, because @ diminishes (more and more 
of the heat production by radioactivity takes place above the stretch 
under consideration when going down in the earth). When we proceed 
downwards, making use of the conduction equation, we find a temperature 
at the base of the granite layer of about 550° C=820° K. The heat flow 
there is reduced to about a fourth of its surface value. The influence of 
the increase of the temperature on the thermal conductivity of basalt is 
probably much less than on the thermal conductivity of granite. These 
two factors brought together make that the increase of temperature in 
the basaltic layer is only about 100°. This makes our temperature at the 
crust-mantle boundary to be somewhat less than 1000° K. We found the 
temperature at the base of the mantle to be 3000° K. So the mean gradient 
in the mantle amounts to upwards of 2000°/2900 km =0.7°/km. 

The adiabatic gradient in the mantle, as computed by several authors, 
is some 0.25° to 0.30° to the kilometer. 

We found a mean value for the gradient in the mantle of 0.7°/km, 
which is more than twice the value for the adiabatic gradient. 

It seems necessary to accept one of the following models of the tem- 
perature distribution in the mantle. 


I: From the top of the mantle downwards the adiabatic gradient 
prevails. At the mantle-core boundary there is an abrupt change of 
temperature. Convection takes place everywhere in the mantle at times. 


Il: The gradient is about linear from top to bottom in the mantle, 
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but exceeds the adiabatic gradient largely. The strength of the mantle 


material is such as to prevent convection. 


III: The top of the mantle is essentially crustal: for this part the 
conduction equation holds good. Convection and (re-)establishment of 
the adiabatic gradient takes place below a certain level, where the strength 
of the mantle is so reduced by the high temperature, as to make plastic 
flow possible. Below that level the adiabatic gradient prevails. 


IV: There is no equilibrium. Great convective motions have been 
active. 


Figure 1 resumes these models. 


sa § Temp 


2000° 


1000° 


1000 2000 2900 km 


Fig. 1. Possible temperature distributions in the mantle. 


We might finish our discussion on the temperatures within the earth, 
had there not recently appeared an article by CLarK [4] on the effect 
of radiative transfer on temperatures in the earth. The problem of heat 
transfer has indeed been seldom rightly put. Every author tacitly assumed 
radiation to be an unimportant and negligible factor in heat transfer. 
For normal rocks at room temperature this is indeed right. Heat transfer 
however is proportional to the third power of the absolute temperature: 
the coefficient of heat transfer is governed by the formula: C=k-+ fT. 
CLARK has computed for some different constants the effect of radiation 
on the temperatures in the earth. Fig. 2 shows two of his computed 
curves. As can be seen the resulting gradient at the bottom of the mantle 
is less steep than the adiabatic gradient, which means that all the heat 
from the core can be carried away by radiation and conduction alone. 
The conclusion to be drawn from this result would be that there is no 
heating up. Convection loses its reason for existence. This seemed a con- 
clusion, worth to be tested. 

To that end we computed the minimum heat-flow from the core out- 
wards. As a basic datum we took the fact that convection prevails in the 


aed aT 
outer core. Then the condition Q,,.e re aaa must be fulfilled. 


From the computation appears, that this corresponds with a minimum 
heat-release pro gram pro 10® years of 0.008 calories. The resulting heat 
flow at the boundary core-mantle is 4.10~’cal/em?.sec. The coefficient of 
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heat transfer at 3000° as computed by CLarK when using a reasonable 
choice of constants is 0.033. The adiabatic gradient in the mantle is 
about 0.30°/km. 

By radiation and conduction can be removed using these figures: 
0.033-0.3.10-> cal. =—1.10-7 cal./em®.sec., which is only a fourth part of 
the heat, generated in the core. At least 75 % of the heat flow from the 
core cannot be carried away in the mantle by conduction and radiation. 
Clark’s curves (fig. 2), however, showed at this depth a gradient which 
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was less steep than the adiabatic one. This discrepancy roused our 
suspicion, and consequently we computed Clark’s curves anew, using 
this time a more probable distribution of radioactive matter (fig. 3). 
This new curve passed 3000° at a depth of 600 km, while its gradient 
largely surpassed the adiabatic value. Warned by this we reconsidered 
Clark’s data with a critical eye. CLARK states: ““The quantity A(=heat 
generation per unit volume — Auth.) was set equal to 0.02.10-! cal/em sec. 
for @ greater than 0.9 and 0.003.10-™ cal/em see. for @ less than 0.9. 
These values were chosen to give a surface heat-flow of 1.2.10~* cal/em?.sec.”’ 
The g in the above citation is the radius of the earth. Starting from these 
data we computed the resulting heat flow at the surface. This appears 
to become 1.6.10~7 instead of 1.2.10~*, for which Clark’s values were said 
to be chosen. For some inconceivable reason Clark’s figures are wrong 
by a factor of nearly 10. His distribution of radioactive matter, moreover, 
is another cause of errors. 

So Clark’s curves are useless and wrong. The conclusion, drawn from 
them, that convection loses its reason for existence is wrong too. From 
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Clark’s publication remains that radiation is indeed relatively important 
at higher temperatures in the mantle, and cannot be neglected. 

We might end this section by making a rough computation on the 
effect the heat-flow from the core has in heating up a shell of the mantle 
of, let us say, 100 km thickness. Every gram appears to receive 0.24 
calories in 10° years, and so become warmer by more than one degree. 
During the whole history of the earth we would have had a potential 
heating up of more than 3000° by the heat flow from the core. This heat 
is most likely to be removed by convection. 

The last problem, which must be accounted for, is the approximate 
equality of the heat flows on continents and under the oceans, although 
we might have expected the heat-flow under the oceans to be about 
2} times less than on the continents. Practically unfounded ad_ hoc 
explanations, that the subcrustal material beneath the oceans would 
still be undifferentiated, and have the same total amount of radioactivity 
as is concentrated in the sialic, differentiated crust, seem to need no 
serious discussion. Bullard’s view that convection-currents would rise 
under the oceans and descend under the continents, gives a somewhat 
strange idea about the mechanism of the convection-currents without 
being entirely impossible, however. 

It seems more logical to look for another process, which sets free heat 
under the oceans, while taking it up under the continents. Let us recall 
the figures for a continental and an oceanic section as summarized in 
table 3. When comparing these figures with the observed mean heat flow 
in continents and oceans, it seems likely to suppose that heat, taken 
up under the continents, is released under the oceans. Any mechanism, 
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which sees to that, can make that the heat flow under continents and 
oceans becomes of comparable magnitude. There is indeed some base 
for the assumption of such a mechanism. BERNAL in 1936 proposed, 
that the rapid increase in density between 400 and 900 km. depth might 
be caused by a phase-transition of olivine in a denser phase, probably 
cubic, with spinel-structure. Recently this problem has been attacked 
independently by Ventna Murnesz [11] and Rixewoop [7]. To test 
Bernal’s hypothesis Rrvawoop investigated the system Ni,GeO,—Mg,Si0,. 
By extrapolating his results he arrived at the conclusion, that a phase- 
transition from rhombic to cubic olivine is likely to take place in the 
mantle at a depth of 520 + 180 km. On account of the occurrence of 
isomorphic substitutions in the spinels RinGwoop concluded that this 
transition would take place gradually and so would form a transition 
layer of a certain thickness. Moreover, this system acts as a buffer on 
changes in temperature, because increase of temperature brings along 
an increase of the rhombic phase, involving heat absorption, while 
cooling has the opposite effect. It seems warranted to suppose a dynamic 
condition in the mantle, i.e. convection. This has the following effect, as 
demonstrated by VeNntnG Metnesz [11]: The rising convection-currents 
under the continents become less compressed and the cubic olivine from 
below will change to rhombic, involving heat absorption. In the descending 
branch under the oceans the reversed process will take place, involving 
heat production. This process tends to increase the heat-flow under the 
oceans and to diminish the heat-flow under the continents. We can thus 
understand, that both heat-flows are approximately equal. 


Conclusions : 


Using the conduction-equation for the crust, we arrived at a tempera- 
ture of about 1000° K at the top of the mantle. If the boundary between 
outer core and inner core exists, the temperature prevailing there is the 
melting point of iron, which is 3900° K. Extrapolation of this value to 
the mantle, using the adiabatic value, results in a temperature of 3000° K 
at the base of the mantle. In the mantle itself several solutions of the 
problem of temperature distribution seem possible. The effect of radiation, 
longtime neglected, is relatively important, but changes nothing in our 
basic concepts. When computing the heating of the mantle by the heat- 
flow from the core, we must conclude that convection is the most likely 
explanation to carry off this heat. An explanation of the equality of 
continental and oceanic heat-flows can be found in a transition-layer 


between 200 and 900 km depth in the earth, acting as a buffer on tempera- 
ture changes. 
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GEOLOGY 


A GEO-EXPERIMENTAL PHASE-DIAGRAM OF AI,SiO; 


(SILLIMANITE, KYANITE, ANDALUSITE) 
BY 


R. D. SCHUILING 


(Communicated by Prof. J. M. Brsvorr at the meeting of March 30, 1957) 


Abstract: Determination of the pressure and temperature during formation of 
sillimanite, kyanite and andalusite of many occurrences led to the construction 
of a phase-diagram of sillimanite, kyanite and andalusite. This was called a geo- 
experimental phase-diagram, because the bulk of its data is derived from “experi- 
ments’, which the earth itself has carried out. 


Introduction 


If a certain compound exists in nature in more than one modification 
(phase), their stability-fields are bounded by univariant equilibrium lines. 
On every point of the line the two adjacent phases have the same chemical 
potential. If there are three modifications, then their phase-diagram can 
have in principle two different patterns, viz.: 

1°: It consists of two univariant equilibrium lines, having no point in 
common, or 

2°: It consists of three univariant equilibrium lines, having one point 
(the triple-point) in common. 

As to the present case, we know the associations andalusite-kyanite, 
kyanite-sillimanite, sillimanite-andalusite and even all three of them, to 
be by no means rare in nature [4]. From this observation we may safely 
deduce that we are dealing with case 2°. 

Before tackling the problem of making a phase-diagram of AI,SiO,; 
we must consider, if pressure and temperature are really the only in- 
dependent variables influencing the stability of andalusite, kyanite and 
sillimanite. Some authors hold a different opinion. HARKER [2] states 
that shearing stress greatly reduces the stability field of andalusite in 
favour of the stability-field of kyanite. His arguments are twofold: 

First: kyanite has never been synthesised, which Harker ascribes to 
the impossibility of maintaining high shearing stresses in experimental 
work. . 

Secondly: In medium-grade regional metamorphism, where shearing 
stress is thought to prevail, kyanite is the mineral formed, whereas 
andalusite forms in conditions of static thermal metamorphism. 

Against his arguments the following objections may be raised: Kennedy 
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recently succeeded in the synthesizing of kyanite by applying high 
confining pressures and low vapour pressures. When too high vapour 
pressures are applied, the stability-field of kyanite is masked by the 
stability-field of hydrous Al-silicates. This fact, and not the impossibility 
of applying high shearing stresses has probably delayed the synthesis of 
kyanite until recently. 

MriyasHiro [7] found in Korea druses with crystals of kyanite. Here, 
evidently, shearing stress could not have played a réle. Moreover, VEr- 
HOOGEN [11], when studying the effect of shearing stress on the chemical 
potential of a solid, arrived at the conclusion, that its effect is negligibly 
small. We may conclude that the phase-relationships between the three 
modifications of Al,SiO, are governed by temperature and pressure alone. 


Construction of phase-diagram (see fig. 1) 

Our working method was as follows. An occurrence or a synthesis of 
one or more of the minerals, mentioned above, was looked up in the 
literature, or else studied in the field, and examined microscopically. 
The temperature and pressure of formation were determined according 
to the following rules: 

Rule I: When one of the minerals was synthesised at a given temperature 
and pressure, we plotted a symbol of that mineral. 

Rule IT: The occurrence is a natural one; the metamorphism responsible 
for its formation was regional metamorphism. With the aid of a table 
(table 1) mainly after Hur [3], correlating metamorphic facies with 


TABLE 1 
Mainly after Herm [3] 


TE 


km “6 atm. 
Highest part of region greenschist facies. . .. . 9.5 400 2610 
Biotite isograde, top of epid.-amph.facies . . . . 11.5 480 3165 
Siaurolite isograde: 2 =e eb 12.5 520 3435 
K-feldspar isograde, top of amph.-facies. . .. . 13 540 3575 
Rilinaianice AS0CTAde a FO Fon ee Ge 13.5 560 3715 
Corderierite compatible with K-feldspar .... . 14.5 600 3985 
Anatexis becomes general in gneisess ..... . 16 660 4400 
Mopron bornipig facies Go ws ek we 17.5 725 4815 


temperature and pressure, and Bowen’s reaction curves, the temperature 
of formation of the given mineral assemblage was established. The sym- 
bol of the mineral in question was plotted on the intersection of the 
isotherm of the computed temperature and the line indicating the 
geothermal gradient. . 
Rule III: The occurrence is a natural one; the metamorphism responsible 
for its formation was thermal (contact-)metamorphism. First the degree 
of regional metamorphism in the environment outside the contact-aureole 
was established, and with the aid of the geothermal gradient a regional 
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pressure computed. Next the temperature of formation of the contact- 
metamorphic assemblage was established. 

Rule IV: The plotting of some abnormal occurrences of kyanite in eclo- 
gites and kimberlites was precarious. Only a rough estimate of tempera- 
ture and pressure can be given. The only thing that can be safely assumed 
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is that the pressure of formation is disproportionately great with respect 
to temperature. 


Objections against rules for construction : 


Against rule I: formation of metastable phases is possible. 

Against rule II: the geothermal gradient will not be everywhere and 
at any time equally steep. 

Against rule IIT: same as against rule IT. Moreover, it is tacitly assumed 
that intrusion of the body that causes the contactmetamorphism, took 
place when the pressure of the regional metamorphism was still prevailing. 
(the objections against rule IV are implied in its formulation). 


Examples of the application of these rules in constructing the phase-diagram : 


Rule I: Detia M. Roy [8] succeeded in the hydrothermal synthesis of 
andalusite. The table in Roy’s publication shows growth of andalusite 
at temperatures and pressures, which are indicated with nos. 34 on our 
phase-diagram. As can be seen, Roy’s findings fit excellently in the 
constructed stability-field of andalusite, although the writer took note 
of Roy’s paper only after the construction of the diagram. 

Rule IT: The association orthoclase-cordierite-sillimanite has frequently 
been met with in the anatexitic gneisses, under deepseated condition of 
regional metamorphism. Point 16 on the diagram shows the approximate 
P-T-conditions of this metamorphic assemblage, according to table 1. 
Mtyasutro [7] describes an occurrence of regionally metamorphic schists 
in Korea, which bears kyanite in association with oligoclase, quartz, 
biotite, muscovite, garnet, and staurolite. In their vicinity are amphi- 
bolites, with plagioclase, amphibole, biotite, and minor amounts of quartz, 
epidote and calcite. This last association, if primary, indicates that 
according to Bowen’s table a temperature of about 600° was not exceeded. 
The association of staurolite and garnet indicates a temperature of about 
520 a 540°. Point 35 of the diagram shows the P-T-conditions of this 
occurrence of kyanite. 

Rule III: An interesting example was found by the writer in Southern 
France, in the gneissic ddme de l’Agout (dépts. Hérault and Tarn). 
Here the tectonic emplacement of a relatively hot gneissic déme into 
relatively cold masses of schists in green schist-facies caused a narrow 
but very distinct zéne of contact-metamorphism. Approaching the déme 
we first see the appearance of biotite. This is soon followed by andalusite, 
both in the schist as well as in quartz-andalusite lenses. In immediate 
contact with the déme staurolite begins to accompany andalusite and 
biotite. The schists in the vicinity of the ddme de l’Agout can be dated 
as the base of the Cambrian. The total thickness of the overlying sediments 
is about 8000 m. From the facies point of view we arrive at a similar 
figure. Proceeding along the isobar of 2136 atm., corresponding to P at 
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a depth of 8000 m., we may plot our andalusite symbol (point 3a) when 
480° has just been passed (biotite isograde, see table 1). The association 
staurolite-biotite-andalusite encountered at a level about 400 m. deeper 
and nearer to the déme is plotted as point 3b. During a later tectonic 
phase, this contact-z6ne was folded and faulted into the déme along a 
longitudinal fault, thus forming a narrow synclinal structure in the sur- 
rounding gneiss. The higher pressure and somewhat higher temperature 
which was then exerted on this schist, caused the andalusite to change 
into sillimanite, as may be seen from fig. 1. From several observations 
(development of K-felspar and rather basic plagioclase) it may be deduced 
that the temperature was well above 540°. The increase in pressure is 
difficult to evaluate. This contact-z6ne was not only buried for about 
3 km. in the gneissic body, but in the main time there must have been 
also a considerable tectonic stress. Point 3c was tentatively plotted at a 
temperature of 560° and a pressure of 3000 atm. Admittedly these figures 
are rather uncertain. 

Mr. Scuuur from the Min. Geol. Institute provided the writer with 
another example of the application of rule III. In the Spanish Pyrenees a 
synkinematic granite invaded a Devonian and Lower Carboniferous 
sedimentary series. Their thickness does not exceed 2000 m. We examined 
some slides in which andalusite had developed in the contact-metamorphic 
aureole of the granite. From their positions in the stratigraphie column 
the prevailing pressures of the different occurrences could be determined. 
The coexistence of calcite, tremolite and quartz in associated marbles 
and amphibolite determined a maximum temperature of 540°. The 
presence or absence of biotite determined the temperatures more accura- 
tely. Figure 2 shows a large chiastolite-crystal in the metamorphic 
sediments. The points on the diagram thus found are numbered 36. 

Rule IV: Tittey [10] mentions the paragenesis of kyanite-eclogites. 
The approximate P-T-conditions for eclogites and kimberlites, reported 
to contain the minerals olivine, enstatite, pyrope, diopside, diamond 
among others are indicated in the diagram with points 21 and 33. It 
should be borne in mind, however, that these P-T-conditions are no more 
than rough estimates, for which not the same accuracy is claimed as 
for the other points. 

It is indeed surprising to see within what narrow limits we thus have 
succeeded in establishing the stability-fields of andalusite, kyanite and 
sillimanite. It is common knowledge that most minerals do not change 
immediately when brought under metastable conditions into the stable 
form. A certain amount of overstepping into the stabilityfield of the 
stable modification is needed before any appreciable change takes place. 
Yet the drawing of the univariant equilibrium lines for the equilibria 
kyanite-andalusite and andalusite-sillimanite leaves but little to the 
imagination. The slope of the third line for the equilibrium kyanite- 
sillimanite might be drawn more arbitrarily, had we not a simple expedient 
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A geo-experimental phase-diagram of Al, SiO, 


Fig. 2. Andalusite is replaced by sillimanite, when depth of burial and tectonic 


stress become too great. a, andalusite: 8, sillimanite. 


Fig. 3. Rotated chiastolite in contact-aureole of granite. Note the continuation 
of the schistosity in the crystal, as indicated by rows of parallel inclusions. 
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in some thermodynamical considerations. For every univariant equilibrium 
the following formula holds: 


dP L(ab) 


dl (Va—Vb)T 

in which L(ab) is the heat of transition of phase a out of phase b, and 
Va and Vb the molar volumes of the phases a and b respectively. T stands 
for the absolute temperature. At the triple-point it is clear that the sum 
of the heats of transition L(ab) + L(be)+ L(ca) will be zero. From the 
slopes (dP/dT) of the known equilibrium lines L(kyan.andal.) and 
L(andal.sill.) can be computed, if it is assumed that the difference in the 
molar volumes at the temperature and pressure of the triple-point is 
approximately the same as at 20° and 1 atm. Using the formula L(kyan.- 
andal.) + L(andal.sill.) + L(sill.kyan.)=0, we can find L(sill.kyan.). From 
this heat of transition the dP/dT (the slope) of the equilibrium line kyanite- 
sillimanite is easily calculated. 

It may be seen from the diagram that there are no points in the lower 
temperature range. It may be supposed that the rate of formation is too 
low in this temperature range for any aluminous silicates to be formed. 
Although this may be true it seems more likely that the prevailing water 
pressures play a dominant part in preventing non-hydrous phases to be 
formed. So we tentatively have drawn a line, that separates the stability- 
fields of the hydrous and the non-hydrous Al-silicates. The mullite 
phase has been omitted. Mullite (3 AL,O,-2Si0,) forms at high tempera- 
tures and low pressures. In hydrothermal experiment it forms readily, 
often as a by-product. Metastable formation instead of sillimanite and 
andalusite seems probable. Geologically speaking, mullite is of little 
interest. 

So we have succeeded in constructing a phase-diagram mainly on 
geological grounds. From less quantitative considerations M1yasurro [6] 
constructed a comparable diagram. His triple-point lies at a somewhat 
lower temperature, in the epidote-amphibolite facies, while in our diagram 
it corresponds approximately to the transition epidote-amphibolite 
facies towards amphibolite facies. Moreover, the relation L(kyan.sill.) + 
+ L(sill.andal.) + L(andal.kyan.)=0 in the triple-point seems to be not 
fulfilled. 


Conclusions 

It has appeared perfectly possible to construct a phase-diagram of 
Al,SiO;, with little more than a careful examination of geological facts. 
The hypothesis of stress and anti-stress minerals is not necessary to 
explain the geological distribution of kyanite and andalusite. The occur- 
rence of andalusite in contact-metamorphic aureoles versus kyanite in 
medium-grade regional metamorphism can be accounted for in terms of 
temperature and hydrostatic pressure. The geo-experimental approach 
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of phase-problems has proved useful. It gets round the problem of the 
time-factor, so delicate in laboratory work. The constructed diagram may 
be used with confidence as an aid in determining the conditions of meta- 
morphism in metamorphic regions. 
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BIOCHEMISTRY 


THE INHIBITION OF SERUM CHOLINESTERASE BY 0,0-DIME- 
THYL 2,2,2-TRICHLORO 1-HYDROXYETHYLPHOSPHONATE AND 
0,0-DIMETHYL 0-2,2-DICHLOROVINYL PHOSPHATE 


BY 


J. VAN DIE 


(Communicated by Prof. V. J. KoninasBERGER at the meeting of March 30, 1957) 


Introduction. The insecticide 0,0-dimethyl 2,2,2-trichloro-1-hydroxy- 
ethylphosphonate synthesized by Bayer under the name “Bayer L13/59” 
or “‘Dipterex’”’, is known to be a cholinesterase inhibitor. Dusors and 
CoTTER (1955) found for serum-, submaxillary gland- and brain cholin- 
esterase 50 % inhibition of these enzymes by using a final concentration 
of 2 x 10-6 Mol. Dipterex (0.5 microgram per ml). The substance produces 
an irreversible inhibition in vitro as evidenced by failure of dialysis to 
restore the enzyme activity after incubation of the compound with serum 
cholinesterase. According to Casrpa (1956) the anticholinesterase activity 
of Dipterex depends on the presence of its «-hydroxyl, which should 
combine with the esterase. BARTHEL, ALEXANDER, GIANG and HALL 
(1955) and Lorenz, HENGLEIN and ScurapER (1955) found a rapid 
dehydrochlorination of Dipterex, taking place after treating it with 
alkali. The product, 0,0-dimethyl 0-2,2,-dichlorovinylphosphate (DDVP) 
proved to be considerably more toxic to rats, mice and house flies than 
the phosphonate. Marrson, Sprntane and PEarce (1955) isolated DDVP 
from commercial Dipterex. 

During investigations of absorption, transport and breakdown of 
organic phosphor insecticides, especially with Dipterex and DDVP, 
the question arose wether Dipterex is actually a cholinesterase inhibitor, 
or only a source for DDVP, the latter compound being responsible for 
the assumed Dipterex toxicity. 

In order to find evidence for one or the other possibility the present 
investigation was undertaken. 


Materials and methods. As a source of serum cholinesterase horse 
serum was used. This was somewhat purified by the first steps of StRELITZ’ 
(1944) procedure, obtaining an enzyme preparation with a hydrolyzing 
power about 50 times greater than the original serum: 1 mg protein 
being able to split about 15 mg of acetylcholine per hour at 37° C and 
pH 7.1. The cholinesterase activity was determined by the chemical 
method originally described by Hustrin (1949). The details of this 
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colorimetric method are also fully described by Cook (1954) and Katsa 
(1955), reason why these details are omitted here. 


Reagents: 

1. Phosphate buffer 0.05 Molair. 

2. Acetylcholine chloride stock solution containing 10.0 mg per ml water. 
When required 1 ml of this solution was diluted to 10.0 ml with buffer 
solution. 

3. Alkaline hydroxylamine reagent; 13.9 gr of hydroxylamine HCl was 
dissolved in 100 ml water. Before use equal volumes of this solution 
and 14 % NaOH in water were mixed. 

4. Diluted HCl, containing 1 volume concentrated acid +2 volumes of 
water. 


5. 10% FeCl,-6H,O in 0.1 N HCl. 


All chemicals were of ““Analar’’ quality except the acetylcholine chloride. 
Enzyme, acetylcholine stock solution and hydroxylamine solution were 
stored in small polyethylene bottles at — 25° C, 

A pure sample of Dipetex was obtained from Bayer, by courtesy of 
Mr. E. G. Rigsten from N.V. Agrochemie, Arnhem, Holland. A sample 
of DDVP was obtained from Dr. K. van AspEREN, Utrecht. The cholin- 
esterase assay was carried out with glass-stoppered tubes, a rocking 
apparatus and a temperature bath constant at 37.0 + 0.1°C. As a rule 
were used: 1.0 ml of inhibitor in water, 1.0 ml of enzyme in phosphate 
buffer, 1.0 ml acetylcholine in phosphate buffer, 2.0 ml of alkaline 
hydroxylamine reagent, 1.0 ml of HCl reagent and 1.0 ml of Fe Cl, solution. 
Afterwards the solutions were made up to 12.0 ml, transferred to 4.00 em 
cells and the extinction measured at 535 mu in a Unicam SP 600 spectro- 
photometer. 

Chloride was determined by a modification of the turbidimetric silver 
nitrate method, as used by JANDORF (1956). The turbidity was read after 
30 minutes, at 375 my. A straight line of density readings vs. chloride 
concentration was found between 0 and 2.0 micro equivalent chloride. 


Experimental results. The dehydrochlorination of Dipterex was found 
to follow second order kinetics in a reasonable way, at least if measured 
between pH 6.6 and 8.6. In buffer solution the rate of reaction depends 
only on Dipterex concentration and temperature. 

(CH,O),PO.CHOH.CCl, + OH- + (CH,0),PO.O0CH = CCl, + Cl- + H,O 
Dipterex DDVP 
. By using buffer solutions containing 0.04 Mol. Na-diethylbarbiturate 
+ 0.04 Mol. Na-acetate + acetic acid and measuring the amounts of 
Cl- ions which are formed during reaction, the following first-order 
velocity constants were found at 30.0 + 0.3° C, 


pH 6.60 K, = 2.4 x 10 min- 
pH 7.90 K, 46 x 10-4 min- 


I 
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The second-order velocity constant for the overall reaction is given by 


—d (Dipterex)/dt = K, [Dipterex] [OH-] or 
Bo Ky OM-] = 5.9 108 1. moles min=i at 30° C. 
At 37.0 + 0.1°C was found K, = 11.6 x 10? 1. moles—? min-t, 


These results show that even in neutral and weak acid solutions, if 
buffered, Dipterex is an unstable product. In aqueous solution it is stable 
for long times, because any HCl production results in a rapid lowering 
of pH and consequently in an almost stopping of the reaction. 

The change in anticholinesterase activity of Dipterex in 0.01 Mol. 
Na, CO; and in 0.01 Mol. Na HCO, solution was followed by pipetting at 
intervals of a few minutes 0.5 ml samples into 9.5 ml 0.01 Mol. KH,PO,, 
of which 0.10 ml (containing 0.100 microgram Dipterex) was used for the 
cholinesterase assay, after dilution with water to 1.0 ml. K, is the activity 
of the uninhibited enzyme, and KE, that of the enzyme in the presence of 
inhibitor (where E,=log C,/C and K,=log C,/C,; Cy being the original, 
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Fig. 1. Variation in serum cholinesterase inhibition (log E,/E,) with time o 


breakdown of Dipterex (0.002 94) in aqueous solutions of 0.01 Mol. NaHCO, and 
Na,CO, at 37.0° C. Incubation time with the cholinesterase: 30 minutes. Abscissa: 
time of decomposition of Dipterex in the alkaline solution. 


16 Series B 


230 


C the final acetyl choline concentration in the sample without inhibitor 
and C, the final concentration in the sample with inhibitor added). In 
fig. 1 the inhibition is plotted as log E,/E, (after Die@LE and GAGE, 1951) 
against duration of dehydrochlorination reaction in minutes, showing a 
rapid rise of inhibitory power during reaction time, followed by a decrease. 
The latter is caused by the breakdown of the formed inhibitor to products, 
which are inactive against cholinesterase. Fig. 2 gives the cholinesterase 


WwW 
= 
S 
A 
1.507 | pH 7.3 P 
pH 63 
B 
1.00 is 
0.50 - 
B 
pH 6.3 
4 i 
0.5 1.0 15 2.0 Mcrograln 
inhibitor 


Fig. 2, Serum cholinesterase inhibition caused by various concentrations of 

DDVP(A) and Dipterex(B). The numbers refer to the pH values of the phosphate 

buffers used, Inhibitor concentrations: micrograms inhibitor per ml enzyme- 

inhibitor solution. Incubation time: 30 minutes. Hydrolysis time: 30 minutes, 
except at pH 6.3 (60 minutes). 


inhibition, plotted as log K,/K,, caused by different DDVP and Dipterex 
concentrations in 0.05 Mol phosphate buffer of different pH values. 

In order to investigate the hypothesis that the dehydrochlorination 
product of Dipterex is DDVP, 65 microgram Dipterex was dissolved in 
10.0 ml veronal buffer at pH 8.6 and 37.0° C. At intervals of some minutes 
0.5 ml samples were pipetted into 25.0 ml water of 0° C, of which, after 
thoroughly mixing, 1.0 ml samples (containing 0.127 microgram of the 
original Dipterex) were used for the anticholinesterase assays. 
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The rise in inhibitory power was comparable with that in the experiment 
with Na HCO, solution. As 0,127 microgram of Dipterex are able to form 
0.109 microgram of DDVP and the log K,/E, value of the latter amount 
is known, we can in an easy way find whether this value is consistent with 
the maximum of log E,/E, found in this experiment. Fig. 3 shows the 
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Fig. 3. Inhibiting activity towards cholinesterase by Dipterex which was dis- 

solved for various times in veronal buffer of pH 8.6 at 37.0° C, expressed as percen- 

tages of the activity of a DDVP solution of the same molar concentration. Abscissa: 
time during which the Dipterex was in the buffer-solution. 


formed amounts of DDVP calculated as percentages of the theoretical 
maximum amount (0.054 microgram per ml enzyme-inhibitor solution). 
The graph also proves that during dehydrochlorination almost all chloride 
ions must have originitated from the formation of DDVP and very few, 
if any at all, from alcaline decomposition of dichloroacetaldehyde (which 
is very problably a split product of DDVP) as DDVP break down proves 
to be very slow at pH 8.6 compared with its formation. The velocity of 
DDVP formation, calculated from the data of fig. 3 can be given by 
K,=9.5 x 107]. moles“! min~ at 37.0° C, which is in reasonable agreement 
with the value of 11.6 < 10% found by determination of the chloride-ion 


formation. 
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It is concluded that the easy dehydrochlorination of Dipterex, which 
results in a relative stable strong inhibitor, must lead to errors if one is 
measuring the anticholinesterase behaviour of Dipterex. Generally 
speaking, there will always be formation of DDVP if Dipterex is incubated 
with cholinesterase in neutral or weak alcaline solutions. However, 
careful experiments could not explain all inhibitory action of Dipterex 
by DDVP formation. 

At pH 6.25 this inhibitory action is identical to that of the formation 
of 1.2 % DDVP. During incubation with enzyme 0.4 % DDVP is formed 
and during hydrolysis another 0.7 %. From the amount formed during 
incubation a large part will still react with the enzyme but after addition 
of acetylcholine the enzyme is strongly protected against newly formed 
inhibitor (although in experiments even 15-20 % of added DDVP could 
still combine with the esterase, if inhibitor and substrate were added at 
the same time). 

Thus, it was not possible to prove the innocuous nature of Dipterex 
absolutely. The substance very probably belongs to the same class of 
“cholinesterase inhibitors” as Parathion (DicGLe and Gaar, 1951) and 
ScHRADAN (TsuyukI, STAHMANN and Casma, 1955), compounds which 
are inactive in a perfectly pure state and which become only active after 
chemical alteration. 


Summary. The insecticide 0,0-dimethyl 2,2,2-trichloro 1-hydroxyethyl 
phosphonate (Bayer L 13/59, ““Dipterex’’) dehydrochlorinates, even in 
neutral and weakly acid solution, under formation of the strong cholin- 
esterase inhibitor 0,0-dimethyl 0-2,2-dichlorovinyl phosphate (DDVP). 
It was shown that under the conditions of the anticholinesterase assay 
DDVP is formed from Dipterex. This formation of DDVP almost com- 
pletely accounts for the apparent cholinesterase-inhibiting action of 
Dipterex. Probably the latter compound only acts as a toxic substance 
if conditions are favourable for DDVP formation. 

The author wishes to thank Prof. Dr. A. J. P. Oorr, director of the 
Laboratory for Phytopathology of the Agricultural College and Dr. C. J. 
Brreskr, director of the Plant Protection Service, Wageningen for 
hospitality; and Mr. E. G. Rissten of N.V. Agrochemie, Holland, and 
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CHEMISTRY 


THE CHEMISORPTION AND PHYSICAL ADSORPTION OF 
WATER ON SILICA 


Ill. INFLUENCE OF HEAT AND OF WATER ON PORE VOLUME AND 
ON SURFACE AREA 


BY 
J. H. DE BOER anp J. M. VLEESKENS 


(Communicated at the meeting of March 30, 1957) 


1. IntTROoDUCTION 


Both heat and the action of water, vapour as well as liquid, tend to 
decrease the specific surface area and the pore volume of silica. The 
present study was undertaken to examine the specific character of both 
causes and their interrelation. 

Various samples of silica were used, all of which had pores more than 
20 A wide, hence no “microporous” silicas with extremely narrow pores 
were used. 


2. THE SILICA SAMPLES 
te, ABE 


Most of the samples were xerogels prepared in the same way as 
described in two previous articles'), namely by hydrolysis of SiCl, 
aceording to a method described by Barrett and Fu ”); after this the 
samples were dried, washed and dried again. If, prior to the experiment, 
these samples are heated to a temperature of, say, 650° C, we denote 
them by the symbol BF 650. 


b. Hytherm gel 


Some of this silica was submitted to a hydrothermal treatment, by 
heating it at 230°C in an autoclave of stainless steel for six hours. The 
silica was completely immersed in liquid water of that temperature 
during the whole treatment. This silica is called hytherm gel in the 
present and in subsequent papers. 


c. Aerogel 


Another specimen of silica was prepared by washing the hydrogel 
(obtained, as above, by hydrolysis of SiCl,) repeatedly with water to 
remove hydrochloric acid. Thereupon the water was displaced with 
ethanol and the ethanol with ether. Using a method given by KistLER Lae 
an aerogel was made from this ether gel by heating it quickly, in an 


235 


autoclave, to a temperature just above the critical temperature of ether 
and, subsequently, opening the valve of the autoclave to expel the ether. 
This silica is indicated as aerogel or aero. If, prior to the experiment, 
it has been heated to an elevated temperature, this temperature is 
indicated behind the word aero, e.g. aero 650. 


3. METHODS OF MEASURING SURFACE AREAS AND PORE VOLUMES 

a. Surface area 

All surface areas were measured by the well-known method of 
BRUNAUER, Emmerr and TELLER, using the adsorption of nitrogen at 
—196°C and assuming the surface area, occupied by a molecule of 
nitrogen, to be equal to 15,4 A? 


b. Pore volume 


Two different techniques were used, viz. 


« with water 


The amount of chemically bound water in the dried (rehydrated and 
dried at 120°C, see previous articles1)) sample is determined by the 
loss of weight caused by heating it on a MexKer burner!), As in the 
previous papers, all water contents, calculated as grams of water per 
100 grams of OH-free SiO,, will be denoted by W,,; let this content of 
chemically bound water be (W,),. The sample is then placed in a vacuum- 
desiccator in the presence of a saturated solution of lead nitrate (relative 
water vapour pressure 0.98) and so kept at constant room temperature 
for at least six weeks. After this wetting procedure W, is determined 
again; let this be (W,),. Assuming the density of the water taken up in 
the capillaries to be unity, the pore volume is, according to this method, 
given by: 


if (Wa)t— (Wa)o 
(1) ei 


6 with mercury 

The real specific volume of the solid matter in the sample, V,, is sub- 
tracted from the specific volume measured in mercury, Vy,. A useful 
approximation for V,, the volume of 1 gram of SiO, together with that 
of its water content, is given by: V,=0.43+ W,/100. 

The pore volume is, therefore: 


(2) (V,)e= Vu, — 0-43 —W,/100. 


c. Comparison between (V,), and (V,), 

Both methods are applicable to a silica xerogel of medium poresize. 
For 8 BF samples (V,), was 0.015 + 0.010 ml per gram SiO, higher than 
(V,).. This discrepancy is due to the fact that mercury does not fill the 
pores with a radius r<72.5 x 103 A, whereas water, at a relative vapour 
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pressure of 0.98 keeps filled the pores with a radius up to 0.5 x 10° A. 
The latter figure holds for the desorption branch of the isotherm. In 
the process of adsorption even smaller pores are not filled with water. 
Most samples of silica, however, have a mean pore radius far below 
100 A, and for such silicas the two branches of the sorption isotherm 
coincide in the region of p/p,= 90.98. 

The small difference between the results obtained by the two methods 
seems to indicate that the structure contains some gaps with a radius 
which is roughly a hundredfold of the average pore radius. 

In two cases the mercury method is to be preferred to the water- 
sorption method, viz.: 

a) when the silica has a mean pore radius r>100 A. Our hytherm gel 
is such a product. 

b) when the structure collapses in contact with a water meniscus. 
Aerogel shows this behaviour. 


4, EXPERIMENTAL PROCEDURE 


BF samples were heated at three different temperatures, viz. 450° C, 
650° C and 890° C, Heating was carried out under atmospheric conditions, 
according to two schedules: 

a) continuously for 6, 24 or 96 hours. Each sample was rehydrated 
after the heating period. The rehydration procedure described in our 
former publications !) was followed. 

6) the samples were heated during 24 hours, cooled, rehydrated at 
90° C1), dried at 120° C, heated again for a period of 24 hours, and so on. 
The cyclus was repeated three times. 

The specific areas and pore volumes were measured before and after 
the heat treatments. All these measurements were done with rehydrated 
samples. 


5. Resutrs (Surface area, table I and fig. 1) 


a. Continuous heating, without intermediate rehydration has the 
following results: At temperatures up to 650° C the surface area decreases 
at first, but it remains nearly constant after a period of six hours or less. 
Heating the silica for 96 hours, instead of 6 hours, does not produce any 
additional measurable effect upon the surface area. At 890° C prolonged 
heating causes a further decrease. From other experiments it was learned, 
that the surface area of BF, heated for one day at 450° C, was not reduced 
further during a 40 days’ heating period (450°C). At 650° C, however, 
after an initial heating period of one day, there is a decrease of the 
surface area of about 10 % in 30 days. 

b. Rehydration before repeated heating has a remarkable effect. At 
all temperatures there is an additional loss of surface area after each 
heating period, even at 450° C, 


c. Hydrothermal conditions (see under 2 b) have a far more desastrous 


237 


effect on the surface area than any of the treatments 5a or 5b. The 
results of the hydrothermal treatment are given in tables I and ITI under 
the temperature 230° C, method c. They are also shown in figs 1 and 2. 
Under hydrothermal conditions, the silica being in contact with liquid 
water during the whole time of the treatment at a relatively low tempera- 
ture (230°C), a product is obtained with a surface area much smaller 
than that of the same silica heated twelve times as long at 890° C, with 
two intermediate rehydrations. 


500 


400 


300 


200 


100 
b B.E.T. surface area 
S,m2@/g SiO 


time, hours. 


———_»> 


20 40 60 80 
Fig. 1. Decrease of surface area (sample BF) as a result of different treatments 
a. Continuous dry heating ©) 450" CF 66507 © 890°C 
b. Dry heating, interrupted by rehydration V 450°C vy’ 650°C Y g90°C 
c. Hydrothermal treatment A 230° C 
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TABLE I 
SURFACE AREA OF BF 


a. Continuous dry heating ; 
b. Dry heating interrupted by rehydration ; 
c. Hydrothermal heating. 


Surface area, m?/g SiO, 


a 


Temp. ~ C 450° C 650° C 890° C | 230° C 
Sp ee On a | | =i as 
ios nes a b a b a b c 
Time hours =—~—~_| | 
Aline ROU, set SS ee ee es 
0 530 530 530 | 530 
6 498 | 477 439 | | 80 
24 488 500 | 477 | 481 415 | 404 
48 488 | 442 344 
72 A471 420 299 
96 498 469 389 


Note. The samples a and 6, heated for 24 hours, ought to be indentical. The 
slight differences between them are due to the fact that the temperatures probably 
were not strictly the same in the two cases, as the heating current of the furnaces 
was not stabilized. Another difference between a and 6b is, that the samples 6 
were cooled down to room temperature and after rehydration were heated quickly 
again in a pre-heated furnace. To rule out these and other effects, two equal 
amounts were treated together in the same furnace. Both samples were cooled 
after a 24 hours’ period of heating. One of them was rehydrated, and dried at 
120° C before re-heating (b'), the other was not (a’‘), ete. 


TABLE II 


SURFACE AREA (S) OF BF, HEATED UNDER IDENTICAL CONDITIONS. 
TEMPERATURE 650° C 


Method | § (m%/g SiO,) 


a  b >¢ 24 hours’ heatimye. Ss cue mee 483 
b' 5 x 24 hours’ heating, with intermediate 
rehydration, #2 5) sie ees Aen ey aban 429 


The figures of table II (a@’ and 6’) show that the difference between a and b 
(table I, fig. 1) is not caused by any circumstantial effect, e.g. by the rate of heating. 


6. KRersutts (Pore volume, table III and figs. 2 and 3) 


The pore volume suffers a decrease by the treatments a and b, similar 
to that of the surface area. The mean pore radius f—calculated by means 
of the equation r=2 V,/S (V,=pore volume and S=surface area)—of 
heated BF does not differ much from that of the unheated product. 
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From other experiments it was learned that the decrease of V, 
continuous dry heating (890° C) goes on for a month. At 450° C. a 
remains constant after 24 hours (fig. <3 *)). 


0,5 
0,4 
0,3 


0,2 
pore volume 


Vp, mi/g Sid> 
0,1 


ee ey LN OUTS 


20 40 60 80 


Fig. 2. Decrease of pore volume (sample BF) as a result of different treatments 
a. Continuous dry heating © 450°C ¢ 650°C SEO? GC 
b. Dry heating, interrupted by rehydration vy 450°C ¥v 650°C yY 890°C 
ce. Hydrothermal treatment 23070 


In the case of the 450 and 650 series (a as well as 6 series), it is difficult 
to take a conclusion as to the width of the pores. As it is, fT contains the 
errors of both S and V,, and the variations of f are small. Only in the 
case of heating at 890°C is it obvious that the pore radius becomes 
gradually smaller, both at continuous heating and at heating interrupted 
by rehydration. 

Under hydrothermal conditions the pore volume is hardly changed. 
As the surface area decreases very strongly, the hytherm gel has a mean 
pore radius t> 200 A. 


*) These experiments were performed by Mr. H. Borkenr. 
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TABLE III 


PORE VOLUME OF BF 
(Samples from table I) 


Pore volume, ml/g SiO, 


Temp. ° C 450° C 650° C 890° C 220216 
Method a |) xen | A a b c 
Time hours 
0 0.965 0.965 0.965 0.965 
6 0.89 | 0.85 | | 0.705 0.92 
24 0.885 | 0.855 | 0.82 0.785 | 0.635 | 0.635 
48 0.83 0.725 0.515 
ee 0.805 0.705 0.425 
96 0.85 0.795 0.58 
Mean pore radius, A 
0 36.4 36.4 36.4 36.4 
6 35.7 | 35.6 | 32.1 230 
24 36.3 34.2 34230 32.6 30.6 31.4 
48 34.0 | 32.8 29.9 
72 | 34.2 33.6 28.4 
96 34.1 | 33.9 29.8 


7. Discussion (Dry heating) 

The presence of chemically-bound water on the surface of silica appears 
to be of great importance for the decrease of the surface area. When 
silica is heated, the OH-covered primary particles of silica take part in 
a condensation reaction, which causes a loss of surface area. Simultaneous 
with this reaction between OH-groups of different primary particles, 
there is a partial dehydration of the surface of each primary particle by 
a mutual reaction of its own OH-groups. This dehydration proceeds even 
at temperatures where the surface area attains a constant value (see 
fig. 1 in our previous paper1)). When the number of OH-groups has 
decreased below a certain figure, the silica does not lose any more surface 
area at 450° C or lower and it hardly does so at 650° C. 

At 890°C the decrease of the surface area goes on after six hours’ 
heating. In this case, the rapid loss of OH-groups is probably compensated 
by a greater mobility of protons over the surface. This mechanism results 
in a momentary presence of OH-groups in the vicinity of the contact- 
points of the elementary particles. For this reason there exists a pro- 
bability of proceeding condensation, as these points are the most likely 
places where condensation may occur. 

The pore volume decreases together with the surface area. However, 
if the condensation-mechanism were the only cause of this decrease and 
if the silica consisted of a “‘rigid’’ framework, one would expect the fall 
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of the pore volume—in per cent—to be equal or less than that of the 
surface area. In a rigid structure condensation can take place only 
between those OH-groups, which are not more than some atomic diameters 
apart from each other. 

The facts point to another mechanism. At high temperatures the mean 
pore radius becomes smaller with prolonged heating. This points to the 
existance of a certain mobility of the primary particles at 890° C, which 
makes the network shrink to a more stable configuration. The pore 
volume of unheated BF is about 2 cm*/cm® silica, whereas the “pore 
volume” of the closest packing of equal spheres is only 0.265 cm3/cm? 
silica. As a result of this mobility, a number of places are brought closer 
together. After rehydration, repeated heating will cause further con- 
densation. 

Support to this mobility hypothesis is lent by density measurements. 
Prolonged heating at 890° C gives a slight increase of the specific volume. 
At this temperature the particles are mobile enough to make about 1 % 
of the pores impenetrable to water and ethanol. 

Condensation and thermal movement co-operate. The strong resemblance 
between curves a and b, in figs 1 and 2, show that the decrease of the 
pore volume at dry heating is also governed (to a great extent) by the 
number of OH-groups. We wanted to stress only the point that pore 
volume and surface area, though decreasing simultaneously at dry 
heating, are principally independent entities. The pore volume is deter- 
mined by the packing of the elementary particles; the surface area is 
inversely proportional to the diameter of these particles. 


8. Discussion (Aerogels and hytherm gels) 


It must be possible, for the above reason, to change pore volume and 
surface area of certain types of silica independently. We have, indeed, 
realized a decrease of either of these entities without an appreciable loss 
in the other one. 


TABLE IV 
SURFACE AREA (S) AND PORE VOLUME (V,)g OF AEROGEL 


; . (V.) r 
Sample and treatment S (m?2/g SiO,) ml/g SiO, (A) 
a a ee ee 
Hua 190. we “eided none ena eed eee 957 4.77 | 100 
Aero 120, wetted with water (20° C) and dried 
overcD sO, id. WEBka)ie a ss) Sy ae ee 869 0.70 16 
ENBTO COO eRe A See mene ee ne 720 2.75 76 
Aero 650, rehydrated (90° C) and dried (120° C) 628 rls ire 


a. When the particles are very loosely packed, as is the case with 
aerogel, a change of the pore volume may occur, without a serious loss 
of surface area. This is already caused by a wetting of the aerogel with 
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water (20°C) and drying of the sample over P,O;. The dried product 
has a pore volume, which is only 15 % of the original value, whereas the 
decrease of the surface area is less than 10 %/ (table IV). This is in 
agreement with the results of Jounson and Rizs as 

Also the structure of aero 650 is not stable enough to resist the con- 
tracting forces arising from the surface tension of water in contact with 
air. When the gel is rehydrated and dried in the normal way, the mean 
pore radius decreases by about 50 %- On the structure of xerogel (BF) 
this process has no effect. The reason of this difference is that in its 
preparation it is dried in the presence of water (from the hydrogel), 
whereas the aerogel is not. 


6. We obtained our sample hytherm from BF under hydrothermal 
conditions. It has a surface area which is only 15 % of the original figure. 
Here the change of the pore volume was only 5 %. In liquid water of 
230° C the solubility and the rate of solution of silica apparently show 
much higher figures than they do at 90° C. As a result of this, the smaller 
particles go into solution and precipitate upon the bigger ones, thus 
giving a silica with a low surface area. 

This process, however, has nearly no effect upon the pore volume, 
because the temperature is not high enough to produce an appreciable 
rearrangement of particles. From the curves c, as compared with a and b, 
in figs. 1 and 2 it is clear, that for a given xerogel the pore volume is to a 
great extent determined by the temperature of heating, in contrast with 
the surface area, which is greatly affected by the process of solution. 

The surface area of the hytherm gel is more resistent against dry 
heating than that of BF because of the bigger particles of the hytherm 
gel. This is shown very clearly in fig. 4 where the relative decrease of 
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Fig. 4. Relative decrease of surface area at dry heating (24 hours) 
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the surface areas is shown as a function of the heating temperature 


(24 hours’ heating). 


Summarizing, we may give the following diagram, which shows the 
effect of different treatments upon the structure of silica: 


: Temp. | —dsS —dV 

Treatment Time |Sample) oq of 9 

| C /0 % 
| 

1. Continuous dry heating. . . . | 72 hrs BF 890 25 38 
2. Dry heating, interrupted by che } 

dration after 24, and 48 hours .| 72 hrs BF | 890 44 56 

3. Hydrothermal heating .... .| 6 hrs BF | 230 85 5 
4. Drying over P,O; after wetting 

with water: +) +6 te ev Stee weeks | Aero 20 9 85 
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CHEMISTRY, COLLOID 


CONTRIBUTIONS TO THE KNOWLEDGE OF 
P-COACERVATES. VI 1) 


P-COACERVATION OF EGG-PHOSPHATIDES IN THE PRESENCE 
OF A LOWER ALCOHOL 


BY 


H. G. BUNGENBERG DE JONG anp J. A. G. DAVIDS 


(Communicated at the meeting of March 30, 1957) 


1. Introduction 


The influence of n-primary alcohols on a suspension of egg-phosphatides 
has been studied in a former investigation *). The lower terms (methanol, 
ethanol, n-propanol) only dissolve the suspension particles at appropriate 
concentrations, but P-coacervates were not observed. Some of the following 
terms (e.g. n-butanol, n-amylalcohol, n-hexanol) transform, at room 
temperature or at slightly higher temperature, the suspension into a 
coacervated system, the coacervate drops showing all the characteristics 
of P-coacervates. With still higher terms, P-coacervation can be obtained 
at higher temperatures only, but these soon become inconveniently high. 
It was observed that in the presence of a suitable concentration of 
ethanol, P-coacervation could also be obtained at room temperature with 
higher terms (e.g. n-octanol, n-nonanol, n-decanol). 

The above mentioned promoting influence of a lower alcohol will be 
used below (section 4) to compare the binding of several higher alcohols 
to the phosphatide, necessary for P-coacervation. 

Some general remarks and observations on P-coacervation in the 
presence of lower alcohols may precede. 


2. Other promotors for the P-coacervation with higher alcohols 


It was first investigated whether other lower terms have a promoting 
influence similar to that of ethanol. It appeared that n-propanol exerts 
this influence too. The use of ethanol or n-propanol as a promoting sub- 
stance has, however, the disadvantage that still only a limited number 
of higher alcohols can be compared at 25° C. By far the best promoting 
substance appeared to be tert.-butanol, which at 15 vol. % allows the 


') Parts I-V of these series have appeared in these Proceedings 52, 783, 794 
(1949) and in these Proceedings, Series B 54, 81 (1951) and 58, 331, 344 (1955). 

?) H. G. BuNGENBERG DE Jonc, A. DE BAKKER and D. Anprimssn, these 
Proceedings, Series B 58, 238 (1955). 


ie series. 
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comparison of n-hexanol, n-octanol, n-decanol, laurylalcohol and (though 
with difficulty) of oleylaleohol. At 20 vol. % tert.-butanol, oleylalcohol 
offered no difficulties, but P-coacervation no longer occurred with n- 
hexanol. For determining the binding of the higher alcohols these two 
media will be used. It may be remarked here that tert.-butanol just as 
methanol, ethanol and n-propanol does not bring about P-coacervation 
when present alone. On increasing the tert.-butanol concentration the 
suspension particles gradually dissolve and one passes a blue-opalescent 
system which at a concentration of about 25 vol. % loses this opalescence 
and a perfectly clear solution is obtained. 


3. P-coacervation with aliphatic hydrocarbons 

It has been found that the clear solution of egg-phosphatides (about 
1%) in 25 vol. % tert.-butanol can be brought to coacervation when 
one small drop (pipette with capillary point) of the following substances: 
n-heptane, n-octane, n-nonane, n-decane, n-hexadecane and cetene is 
added to 2 ml solution. The coacervate drops showed all the morphological 
peculiarities of P-coacervates. 

These observations, though not directly connected with the subject 
proper of the present communication, are of general interest for the problem 
of P-coacervation. Until now, all substances with which P-coacervation 
has been realised possessed polar groups, namely alcohols (in the case of 
phosphatides and of detergents), aniline, triolein, resorcinol and menthol 
(in the case of phosphatides). The above findings show that under suitable 
conditions P-coacervation may also be obtained with non-polar substances 
(alkanes) or very slightly polar substances (cetenes). 


4. Binding ratio higher alcohol/phosphatide at beginning P-coacervation 

The binding ratio and the equilibrium concentration of the alcohol free 
in the medium can be obtained when the coacervate volume curves at a 
number of phosphatide concentrations have been determined 1). The 
experiments have all been made in a thermostate of 25° C., using graduated 
Pyrex test tubes of 25 ml capacity (closed with rubber stops). It has 
been found that the velocity with which clear coacervate layers (from 
the confluence of the small coacervate drops) are formed, is much 
accelerated by the presence of some salt. Hence all experiments have 
been made at a concentration of 30 m eq./I CaCl,. 

It was started from a 50 m mol/l suspension in water of purified egg- 
phosphatides, the preparation of which has been described elsewhere 2). 
This stock suspension was kept in the refrigerator to minimize bacterial 
or mould growth. As an example we give the determination of the binding 
of oleyl-alcohol at 20 vol. °% tert.-butanol. The 20 ml mixtures to which 


1) Compare Parts II and III of this series. 


*) H. G. BuNGENBERG pr Jone, A DE BAKKER and D. ANDRIESSE 


: , these 
proceedings, Series B58, 238 (1955.) 
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drops of known weight !) of oleylalcohol are added, are made by pipetting 
in the order 1, 2, 3, 4 as shown below, phosphatide suspension, just molten 
tert.-butanol, CaCl, solution and water: 


10 m mol/l 20 m mol/l 30 m mol/l 
1) 4 ml phosph. susp. 8 ml phosph. susp. 12 ml phosph. susp. 
2) 4 ml tert-butanol 4 ml tert-butanol 4 ml tert-butanol 
3) 1 ml CaCl, 0.6 N 1 ml CaCl, 0.6 N 1 ml CaCl, 0.6 N 
4) It reall TELCO) if cial lal X@) 3 ml H,O 


The succession (1)-(2) is essential, as thereby the tert.-butanol con- 
centration reaches at least 25 vol. °%, at and above which the suspension 
particles completely dissolve into a clear solution. The additions (3) and 
(4) then lead to an extremely fine division of the phosphatide (clear but 
opalescent systems) which is of advantage for reaching equilibria sooner. 
(The coarse particles of the original phosphatide suspension reach it but 
slowly). 

The simplest way for determining the coacervate volume curve, for 
instance at 10 m mol/l phosphatide would be to prepare a number of 
identical mixtures in a series of tubes, and to add to the first tube one 
drop oleylalcohol, to the second tube 2 drops and so on. However, this 
way conflicts with an economic use of our phosphatide stock suspension. 
The curves were therefore obtained from one tube only, by adding suc- 
cessively 1, 2, 3 and so on drops of oleylalcohol. After each addition of 
one drop and after thoroughly shaking we had to wait cautiously in the 
beginning to see if coacervation took place and when this was the case, 
to wait with reading off the final coacervate volume, until the latter 
did not change further with time. For the first large layer to appear 
(e.g. 80 % of the total volume) we had to wait over-night before a safe 
reading was possible. As the layer becomes smaller with more oleyl- 
alcohol, the necessary times are shorter, but they still may amount to 
several hours. 

Fig. 1 gives the graphes obtained with oleylalcohol. It has been argued 
elsewhere ?) that for calculating from similar coacervate volume curves 
the binding and the equilibrium concentration, one should start from 
coacervate volumes which are comparable. In our case, where the original 
phosphatide concentrations (before coacervation) stand in the ratio 
1:2:3, comparable coacervate volumes are for instance 10 % on the left 
curve, 20 % on the middle curve and 30 % on the right curve, as then 
the three coacervates considered have the same phosphatide concentration 
(because practically all phosphatide is present in the coacervate layer). 


') Use was made of the “‘dropping-pipette” which has been described in part IT 


of the present series. 
) H. G. BUNGENBERG DE JonG and A. REecourRtT, these Proceedings, 56, 303, 


315, 442 (1953). 
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dr. oleyl-alcohol 
S 10 45 
Coacervation of egg-phosphatide at 20 vol. % tert-butanol in the presence 
of oleylaleohol. A, B and C: 20 ml systems containing 0.2, 0.4 and 0.6 m mol 
phosphatide respectively. Dotted lines combine points of comparable coac. volumes 
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m mol Phosph. 49 ai 
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Fig. 2. Diagram for calculating for increasing phosphatide concentrations of the 


coacervate (numbers on the right in m mol/l) the binding ratio drops oleylalcohol/ 
m mol phosphatide (slope of lines) 
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In fig. 1 straight lines drawn through the origin cut (within the experi- 
mental error) the coacervate curves at comparable coacervate volumes. 
This automatically involves that each straight line cuts the three curves 
at drop numbers which (within the experimental error) also stand in the 
ratio 1:2:3. 

Compare the three straight lines drawn in the figure, which cut the 
curve at 3, 6 and 9 drops, at 4, 8 and 12 drops and at 5, 10 and 15 drops 
respectively. 

These simple relations in the relative position of the coacervate volume 
curves in graph fig. 1 are to be expected when the equilibrium concen- 
tration is negligibly small and therefore practically all oleylalcohol present 
is bound to the phosphatide. From the drop-weight of oleylalcohol (which 
corresponds to 0.466 m mol) and the phosphatide concentration we can 
thus directly calculate the binding ratio mol oleylalcohol/mol phosphatide 
for different states of the coacervate (the latter expressed in phosphatide 
concentration of the coacervate). The diagram of fig. 2, constructed from 
the curves of fig. 1 gives the binding ratios expressed as drops oleylalcohol/ 
m mol phosphatide for increasing phosphatide concentrations of the 
coacervate, table I (ninth row) giving the mol/mol ratio. The results with 
laurylalcohol and n-decanol are much the same as with oleylalcohol. 
Here too straight lines through the origin cut the coacervate volume 
curves at coacervate volumes which are comparable (the coacervates 
have the same phosphatide concentration). For calculating the binding 
ratios alcohol/phosphatide we may still neglect the very small equilibrium 
concentration of laurylalcohol and n-decanol. 

With shorter alcohols the equilibrium concentration gradually increases 
to values which can no longer be neglected in calculating the binding 
ratio. Compare fig. 3, which gives the coacervate volume curves obtained 
with n-octanol. In this graph straight lines through the origin no longer 
cut the coacervate volume curves at comparable coacervate volumes. 
There exists, however, a point on the abscissa ") through which straight 
lines can be drawn, which cut the curves at comparable coacervate 
volumes. Compare the lines drawn in fig. 3. The distance between this 
point and the origin represents the equilibrium concentration (0.7 drop 
per 20 ml). To obtain the amount of octanol bound to the phosphatide, 
0.7 drop must be subtracted from the drop-numbers at the intersection 
points of the straight lines with the coacervate volume curves. The binding 
ratio and the equilibrium concentration ig then calculated from the drop 
weight and the molecular weight of octanol (fig. 4 and Table I, second row). 

Similar experiments have been made with n-hexanol, n-decanol and 
laurylalcohol at 15 and 20 vol. % tert.-butanol. The determined binding 
ratio’s are given in Table I and the figs 5 and 6. 


*) Or a series of points lying very close together. 
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dr. n-octanol 
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Coacervation of egg-phosphatide at 15 vol. % tert-butanol in the presence 
of n-octanol. Captions as in fig. 1 
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Vig. 4. Diagram derived from fig. 3 in an analogous way as fig. 2 from fig. 1 
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TABLE I 


Binding ratio mol higher alcohol/mol phosphatide as a function of the phosphatide 
concentration of the coacervate 


sss em em ee 


phosph. conc. of é oe Be 
Pepe Gaceetae 25.0 | 33.3 | 40.0 | 50.0 | 66.7 | 100 125 | 166.7} 200 
Mi i. ——— 
n-hexanol — = — 1.46 | 1.59 | 1.82 - 
1D n-octanol 0.91 LOOT EO Senin SPX) |) US¥b Tf eee | al ieyae — 
tert- n-decanol 0.89 | 0.93 | 0.95 | 0.98 | 1.03 Hetkss |) 1AxO) Wyss | alley 
but. laurylale. ne = 0.92 | 0.93 | 0.96 | 1.00 | 1.03 | 1.13 1.24 
oleylale. | — {>0.70| r= +0.78) — |+0.88 
20% | n-octanol = | OO | Oy || Toe 
hepk n-decanol 0.80 | 0.86 | 0.91 | 0.97 | 1.08 | 1.25 | 1.36 | 1.51 — 
fuk: laurylalc. {| — 0.79 | 0.83 | 0.89 | 0.97 | 1.13 | 1.94 1.41 = 
oleylale. 0.58 | 0.63 | 0.67 | 0.71 | 0.77 | 0.88 0.96 | 1.08 | 1.18 
Discussion 


After having found the promoting influence of lower alcohols on P- 
coacervation with higher alcohols, it was planned to compare the binding 
ratios of a number of higher alcohols of different chain lengths. It was 
expected that the results of such a comparison might give some clue for 
a better understanding of the role played by the higher alcohols in P- 
coacervation. Now that the results are available, it must be stated that 
we feel disappointed. 

It is true that certain interesting regularities occur, but no simple 
quantitative relation comes to the fore between the ratios for alcohols 
of different chain lengths. 

It is seen in the figures 5 and 6, that the binding curve lies lower when 
the carbon chain of the alcohol is longer, but at constant phosphatide 
concentration of the coacervate the proportions of the binding ratios for 
different alcohols are distinctly smaller than the inverse proportions of 
their chain lengths. We see further that for each alcohol in fig. 5 and 6 
the binding ratio increases with increase of the phosphatide concen- 
tration '). 

We are particularly interested in the binding ratios at just beginning 


') ‘This increase of the binding ratio is directly connected with the actual shape 
of the coacervate volume curves, namely beginning at 100 % and proceeding down- 
wards first very steeply and then gradually with diminishing slope bending to the 
right (compare e.g. fig. 1 and 3). The same shape is met with in the case of P- 
coacervation of oleate or palmitate with iso-amyl-alcohol alone (see parts II and III 
of the present series). It may be concluded that the increase of the binding ratio 
with increase of the phosphatide concentration in figs. 5 and 6 is not a peculiarity 
of phosphatides, nor is it a direct consequence of the promoting tert-butanol. A 
constant binding ratio would require that the coacervate volume curves proceed 
vertically downwards over their whole length. This is neither the case with phos- 
phatides, nor with oleate or palmitate. 


252 
2.004 mol alcohol 


mol phosph. 


n-hexanol 


4.50 n-octanol 


n-decanol 
aury! alcohol 
1.00 eae 

os 


- 
-_—-_ 
—_ =— 


0.50 


hosph. conc. in coac. 


$0 100 150 200 


Fig. 5. Binding ratio mol aleohol/mol phosphatide at 15 vol. % tert-butanol as a 
function of the phosphatide concentration of the coacervate 


coacervation, that is in the binding ratios at the left end of the binding 
curves. It would be interesting to extrapolate the curves in fig. 5 and 6 
to the left and see which ratios are obtained at a phosphatide concentration 
zero of the coacervate. But such an extrapolation is not possible. 

We must draw attention to the fact that caleulated binding ratios at 
phosphatide concentrations of the coacervate smaller than about 40 
m mol/l have necessarily larger errors than those at higher phosphatide 
concentrations ”). It is seen that here the curves have a tendency to bend 


*) It is our experience that coacervate volumes larger than about 80 % are 
not well reproducible. 

When we have three coacervate volume curves as in fig. 1 and 2, the least number 
of errors will be made in calculating the binding ratio, when the crossing points 
of all three curves with a straight line through the origin (fig. 1), or through a 
point on the abscissa (fig. 2), are reliable. This will be the case when the phosphatide 
concentration of the coacervate is not smaller than 10/8 x 30 = 37.5 m mol/l. 
With somewhat steeper straight lines only two reliable crossing points remain. 
The error in the calculated binding ratio will increase by this reduction. With further 
increasing steepness of the straight line two reliable crossing points will remain until 
the straight line cuts the middle coacervate volume curve at 80 %. The phosphatide 
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Fig. 6. Binding ratio mol alcohol/mol phosphatide at 20 vol. % tert-butanol as a 
function of the phosphatide concentration of the coacervate 


downwards, but we are not sure that this really means a more rapid 
decrease of the binding ratio. Possibly some systematic error which comes 
strongly to the fore here, might cause this bending downward. In any 
case the left ends of the binding curves—dotted in the figures 3 and 4— 
must not be used in the further discussion. 

When the results at 15 vol. % tert.-butanol (fig. 5) are compared with 
those at 20 vol. % (fig. 6) we notice the following points of difference: 

A) At constant phosphatide concentration of the coacervate the 
binding ratios for one and the same higher alcohol are generally different 
at 15 vol. % and at 20 vol. % tert.-butanol. 

B) The difference mentioned sub. A is not simply a constant shift, 
as the ratio curves, in general, proceed with smaller slopes at 15 vol. % 
than at 20 vol. % tert.-butanol. 


concentration of the coacervate has been reduced to 10/8 x 20 = 25 m mol/l. 
With still steeper straight lines there remains only one crossing (with the left 
coacervate volume curve). It will be clear, that even when this crossing point lies 
at a coacervate volume lower than 80 %, the calculated binding ratio is quite 
uncertain as no check whatever exists as to its reliability. 
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C) The ratio curves extrapolated to the left (thereby disregarding 
the above mentioned problematic dotted left ends) cut at 15 vol. % 
the ordinate in general, at higher values than at 20 vol. % tert.-butanol. 

These points A, B and C are strong indications that tert.-butanol is 
not an ideal “‘promotor’’, that is, tert.-butanol cannot be considered as a 
really indifferent substance as to the P-coacervation with higher alcohols. 
Point C even suggests that tert.-butanol delivers a certain positive con- 
tribution to the P-coacervation with a higher alcohol. This is not very 
surprising as its isomer n-butanol—when present alone—just gives 
P-coacervation with egg-phosphatides at 25°. 4) 


Summary 


1) With tert.-butanol as a P-coacervation promoting substance for 
egg-phosphatides, the binding ratios higher alcohol/phosphatide have been 
determined at 25°C for n-hexanol, n-octanol, n-decanol, laurylalcohol 
and oleylalcohol at 15 and 20 vol. % tert.-butanol respectively. 

2) The binding ratios at beginning P-coacervation lie between about 
0.5 and 1 mol alcohol/mol phosphatide, the binding ratio being lower 
according as the carbon chain of the alcohol is longer. The proportion of 
these ratios for alcohols of different chain lengths are smaller than the 
inverse proportion of the chain lengths. 

3) Comparison of the results at 15 and at 20 % tert.-butanol lead to 
the conclusion that tert.-butanol is not an ideal promotor of P-coacervation, 
that is, it cannot be considered as an indifferent substance as regards 
P-coacervation. 

4) There are even indications which point to positive contribution 
for P-coacervation with a higher alcohol, this in spite of the fact that 
tert.-butanol—when present alone—cannot bring about P-coacervation 
itself. 

5) It has been observed that aliphatic hydrocarbons (n-heptane, 
n-octane, n-nonane, n-decane, n-hexadecane and cetene) when added in 
small amounts to the clear solution of egg-phosphatides in 25 % tert.- 
butanol, bring about typical P-coacervation of the phosphatide. This is 
the first example of P-coacervation caused by non-polar substances. 
In all former examples (detergents with alcohols; phosphatides with 
alcohols, aniline, resoreine, menthol) the organic non-electrolytes contained 
distinctly polar groups. 


Department of Medical Chemistry, 
University of Leiden 


?) After having finished the present investigation, is has been found that tert- 
butanol itself indeed may just give rive to P-coacervation, be it at higher tempera- 
ture and in an extremely narrow range of the tert-butanol concentration. See for 
details Part V of the Series: Contributions to the colloid chemistry of phosphatides, 
to be published shortly in these Proceedings. 
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CONTRIBUTIONS TO THE COLLOID CHEMISTRY OF 
PHOSPHATIDES. Va 1) 


1. Colloid systems of various kinds obtainable from egg-phosphatides 
dissolved in n-propanol—H,O or tert-butanol— H,O miztures. 
5) 


2. Influence of cholesterol and some other organic non-electrolytes. 
BSNS 


H. G. BUNGENBERG DE JONG anp J. A. G. DAVIDS 


(Communicated at the meeting of March 30, 1957) 


1. Introduction 


Phosphatides (amphoionic Association Colloids) may form just as 
detergents (anionic or cationic Association colloids) various kinds of 
simple colloid systems (non-elastic solution, viscous elastic system, O-coacer- 
vate, smectic phase, P-coacervate). It has been shown in the preceding 
parts of this series how they can be realized, starting from the fourth one 
named, being readily accessible as a result of the contact of dry egg- 
phosphatides with water. 

In the present communication we do not start from such a suspension 
of the smectic phase but from a clear solution of egg-phosphatides in 
mixtures of water with n-propanol (incidentally) or with tert-butanol 
(as a rule). It is investigated what happens as a result of dilution with 
water or of a change of the temperature; besides what modifications are 
brought about when some n-decanol, oleylalcohol, cetene or cholesterol is 
present. We will meet a few of the above mentioned simple colloid systems 
but in addition colloid systems of higher order. A very interesting point 
is that the latter may be formed spontaneously from the former. 


2. Improved method of purification of the egg-phosphatide and preparation 
of the phosphatide solution 

We started from fresh Hilecithin pur. from Merck, which after arrival was stored 
in a CaCl, exsiccator at —10°C. The purification from fatty contamination by thrice 
precipitating with acetone from ethereal solution was effected in much the same 
way as has been described in Part I section 3, performing all manipulations in a 
1 L cylindrical medicine flask. It is advisable to start with only 5 g crude phosphatide 
per 1 L flask. This, to prevent that the phosphatide layer on the glass-wall, which 
after the purification is formed by evaporating the solvent, becomes too thick, 
which is not favourable for reaching constant weight. 

We have adopted the following procedure: 5 gr crude phosphatide is dissolved 
in the 1 L flask in 30 ml ether and is precipitated by 75 ml acetone. After sufficient 


1) Parts I-IV have appeared in these Proceedings B 58, 238, 256 (1955) and 
B59, 124, 149 (1956). 
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draining of the precipitated mass adhering to the glass wall (for particulars see 
part II) the phosphatide is again dissolved in 25 ml ether and is precipitated with 
62.5 ml acetone. For the third and last purification the phosphatide dissolved in 
20 ml ether is precipitated with 50 ml acetone. So far the difference from the receipt 
in Part IT is only directed towards a more efficient use of solvents, the phosphatide 
being now just as free from fatty contaminants. 

Investigations in this laboratory by A. Dp BAKKER have shown that the phospha- 
tide still contains ‘‘amino acids” (possibly in part peptides) and it has been found 
that they can be removed by shaking out the phosphatide solution in CCl, with 
60 vol. % ethanol. 4) 

The precipitate in the 1 L flask is dissolved in a small quantity of ether and this 
solvent is slowly evaporated, while the flask is in rollmg movement on a rolling 
device, thereby taking the precautions mentioned in Part Il. The dry thin phospha- 
tide layer on the wall is now dissolved in 37.5 ml CCl, and this solution is poured 
into a separation funnel and is shaken with 42.5 ml ‘‘60 vol. %”’ ethanol (60 volumes 
ethanol 95 % + 40 volumes H,O). The separation into two layers takes place 
rapidly, but one still has to wait some time (e.g. 4 hour) before both layers are 
perfectly clear. The layers are separated and the 60 % ethanol layer is discarded. 
The CCl, layer is shaken for a second time with fresh 60 % ethanol-water, after 
which it no longer contains “amino acids”, but only lecithin and kephalin. The 
CCl, layer is evaporated in a 1 L cylindrical flask on the rolling device until constant 
weight, which after the solid film has been formed may last 1} hour. 

When one wishes to obtain an approximately 50 m mol/l suspension of the smectic 
phase in water, a quantity of water 24.25 times the weight of the phosphatide 
on the wall is added and the flask is rolled until no phosphatide is present on the 
wall. For our present purposes, we add a volume of the desired solvent equal to 
24.25 times the weight of the phosphatide. For the incidental experiments in 
section 3, we used n-propanol and for the systematic investigations in the following 
sections we used ‘91 vol. %” tert-butanol (9 volumes just molten tert-butanol 
+ 1 volume destilled water). 


3. Survey of phenomena occurring on dilution of a propanolic solution 
of phosphatide with water and the influence of cetene 


We start at room temperature (about 16-17° C) from a n-propanolic 
solution of purified egg-phosphatides (about 50 m mol/l) and with a 
pipette bring 2 ml into a test tube. We now gradually add (from a burette) 
more and more destilled H,O with steps of 0.25 ml. The perfectly clear 
solution remains clear upto and including an addition of 6.00 ml. H,0. 
After having added 0.25 ml more H,O one observes a slight blue-opalescence 
and thus take as limit for the transition from clear to opalescent 6.13 ml 
H,O (compare first row in fig. 1). With further addition of water the 
opalescence increases somewhat and gradually takes a slight turbid aspect 
(for instance when 18 ml H,O has been added). We repeat the experiment 
with 2 ml propanolic solution of phosphatide to which we have added 
beforehand 1, 2 or 3 and so on drops of cetene (hexadecene) from a pipette 
with capillary drawnout end (10 drops weighing about 75 mg). With 
1, 2 and 3 drops we observe in principle the same phenomenon only the 
limit between perfectly clear and blue opalescence shifts into the direction 


1) A. DE BaxkxKEr, Thesis, Leiden 1957. 


257 


of smaller amounts of added water. Compare the second row in tie 1, 
which shows that with 3 drops of cetene (x=3) the limit already lies at 
5.38 ml H,O. With four drops of cetene a new phenomenon occurs. A still 
relatively weak turbid region appears between 1.13 and 2.13 ml H,O. 
With more water this turbidity disappears and a perfectly clear solution 
is obtained until at 5.13 ml H,O the limit of the blue opalescent systems 
is reached. Compare third row in fig. 1. With one drop more cetene the 
turbid region has broadened (0.88-2.33 ml H,O) and the turbidity is 
now very strong (milky appearance). With more water a perfectly clear 
solution is obtained until at 4.88 ml H,O a strong turbidity sets in, 
which makes room at about 5.1 ml H,0 for an opalescent system which 
with transmitted light had a somewhat reddish aspect (compare fourth 
row in fig. 1). With 6 drops, we have in principle the same as with 5 drops, 
the two turbidity regions only having become broader. With more drops 
these two regions may even grow into one. 


EE CAN 
WW 
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Fig. 1. Dilution of a propanolic solution of egg-phosphatides in water, in the 

absence and presence of cetene (see text). Non shaded areas: clear solutions; 

slightly shaded areas: opalescent systems; heavy shaded areas: turbid or milky 
systems 


The phenomena which occur in the above example are also met with 
when tert-butanol 91 °% is used as a solvent. Here too at n=O the clear 
solution becomes blue opalescent when a certain amount of water is added. 
Obviously the phosphatide separates out into a very finely divided state. 
Without proof to the contrary, it may be assumed that the particles are 
constituted of the smectic phase, the blue opalescent system thus taking 
the character of a higher order colloid system. The modifications brought 
about by cetene, are observed here too: With sufficient addition two 
turbid or milky zones appear, at first still separated by perfectly clear 
solutions. But these modifications are not only limited to cetene but also 
occur with other organic substances, such as octane, n-decanol and 


oleylalcohol. 
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The turbid zone adjacent to the left of the region of higher order colloid 
systems rouses our interest as microscopical investigation reveals that 
here two kinds of phosphatide-rich liquid drops may be present, one of 
which belongs to the P-coacervate. For details see further in section 7. 
It may suffice here to remark that by dilution with water we pass from 
a simple colloid system (P-coacervate) into a higher order colloid system 
(the blue opalescent system). This transition and in the same way the 
transition from the clear solution (n=0) to the blue opalescent systems 
will be studied in the following with more appropriate means. 

The turbid zones to the left in fig. 1 will not be investigated further 
in this communication, though possibly colloid chemical considerations 
may just begin to have sense here too. 

It may be mentioned that cetene and other organic substances when 
dissolved in n-propanol or 91 % tert-butanol readily separate out (already 
at n=1), forming milky systems with relatively small additions of water, 
this milky aspect remaining so with all further additions of water. 

The presence of phosphatide obviously solubilizes cetene and so on, 
as at n=1, 2 and 3 no milky systems appear. This solubilizing action — 
which must reside in association of phosphatide and cetene—is limited 
at higher propanol concentrations. Transgression of this limit gives rise 
to separation of the cetene at n=3. But the solubilizing action obviously 
increases with decrease of the propanol concentration, as a result of 
which the turbidity disappears with further addition of water. The 
broadening of the turbidity region to the left in fig. 1 with increase of n 
is thus easily explained. 


4, Methods 


It has not yet been mentioned that in fig. 1 and in an analogous figure in which 
is started from a tert. butanolic solution of the phosphatide, the limit clear/opal- 
escent and other limits are distinct functions of the temperature. In the following 
advantage is taken of this fact: A number of mixtures of known tert-butanol 
concentration (or at constant tert-.butanol concentration and known quantities of 
added organic substance) is prepared and with each the temperature is determined 
at which the various limits are just reached. The data may be used to plot a temper- 
ature-tert.-butanol diagram (or at constant tert.-butanol concentration a temper- 
ature-addition diagram). The experimental equipment is shown in fig. 2. Vessel A 
contains besides the mixture to be investigated a small stirring rod with iron core. 
In the centre of the ground glass stopper a thermometer is cemented with ‘‘araldite”’. 
Vessel A is submerged in distilled water (about 1.4 L) contained in a large round 
flat-bottomed glass basin B, on the bottom of which lies a glass plate and resting 
on it a stirring rod of larger dimensions than in vessel A. The glass plate was neces- 
sary for a good functioning of this larger stirring rod, because the bottom of basin 
B was not sufficiently flat. Basin B rests on a magnetic stirring apparatus, and the 
liquid in A and the water in B can thus be stirred simultaneously, provided the 
speed of stirring is not too great. Throughout all experiments the speed of stirring 
was always kept the same. The water in B can be heated electrically by a resistance 
coil embedded in sand in glass tube C, (bent in loop form), the velocity of heating 
being regulated by varying the voltage. For rapid cooling, tap-water can be led 
through the glass tube D (double loop). With rapid heating and rapid cooling one 
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first approximately determines the temperature region in which the transition 
clear —opalescent or clear—turbid takes place. After this by very slow heating 
and very slow cooling the transition temperature is determined accurately. As 
criterion we use the changes of aspect of a thin Pt thread placed in B behind vessel 
A and viewed through the liquid in A. The temperature at which with slow cooling 
the boundary of the thread just begins to appear unsharp is noted. Then the 


| 


Fig. 2. Apparatus used in determining turbidity limits. Explanation see text 


temperature is raised slowly and the temperature at which the boundary again 
appears just sharp is determined. These two temperatures do not as a rule differ 
more than 0.2° C, and half-way this tract is taken as the transition temperature. 
To be sure of this temperature the above determinations are repeated once or twice. 

The above chosen criterion cannot always be applied for reaching the limits 
of a turbidity region and must then be replaced by another criterion (see section 5). 


5. Demperaturetert-butanol diagram in the absence and presence of 
cholesterol 


Preliminary experiments at about 20 vol. % tert-butanol and lower 
had shown that the transition of the blank phosphatide system from 
opalescent to clear on heating shows a new phenomenon. In a very narrow 
and critical range of the temperature the opalescent system becomes 
turbid just before it changes into a perfectly clear system. As this 
phenomena interested us very much and it is much enforced when a small 
concentration of a salt is present, it was decided to make all further 
experiments at a constant concentration of 20 m mol/l NaCl. 

For the investigation in this and the following section we started from 
an egg-phosphatide solution in 91 vol. % butanol (preparation described 
in section 2), which by analysis appeared to contain 46.9 millimoles/l 
total phosphatides (lecithin+kephalin)!). With the aid of this stock 


1) We here thank Mr. A. E. F. M. Meyer for performing the analysis of our 
stock solution. The total phosphatide concentration was determined by P-analysis. 
The mean of a determination in triplo was 46.89 + 0.24 m mol/l. 
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solution two secondary stock systems were made, each containing 
8.1 m mol/l phosphatide and 20 m mol/l NaCl, and differing only in the 
tert-butanol concentration; viz. 16.0 and 25.0 vol. % respectively. By 
mixing these two systems in various proportions we obtained a series 
of mixtures which were investigated with the method described in the 
preceding section. 

The results have been given in Table I and have been used in fig. 3 
for constructing the temperature—tert-butanol diagram for the blank 
phosphatide systems. It is seen that between 25 and 21 vol. % tert- 
butanol we still have the same behavious as with n=O in fig. 1, the 
transition between the blue opalescent system and the clear solution 
being abrupt. At lower tert-butanol concentrations a turbid region is 
inserted between the blue opalescent and the clear systems, which is 
broader as the tert.-butanol concentration is lower. 

Microscopic inspection revealed that the turbidity (or when heavy: 
the milky appearance) is caused by phosphatide-rich liquid drops. Further 
details are given in section 7, d. 

Next we have investigated the influence of cholesterol (twice recrystal- 
lized) at a constant molecular ratio to the phosphatide (0.54) on the 
temperature—tert-butanol diagram. It was started from the same phospha- 


/ 


tide stock solution in 91 °% tert-butanol and prepared in a similar way as 


TABLE I 
Data relating to the temperature—tert-butanol diagram for the blank phosphatide 
systems 
upper limit of lower limit of transition 
tertebutanol turbid region turbid region clear/opalescent 
Ol. Ue °C °C °C 
between mean between mean between mean 
17 — > 82 63.4-63.7 63.5 — — 
63.4-63.6 
18 62.3-62.5 62.4 53.8-54.0 53.9 — _ 
62.3-62.5 53.8—54.0 
19 50.1-50.3 50.2 46.7—46.8 46.7 — — 
50.1—50.2 46.6—46.7 
20 42.6—42.7 42.7 40.8—40.8 40.8 — — 
42.6—42.7 40.8-40.8 
21 36.0—36.4 36.2 35.6-35.8 35.7 — _ 
36.0—-36.2 35.6-35.8 
22 — =: = == 31.1-31.3 31.2 
: 31.1—31.3 
23 = — = — 26.5-26.6 26.6 
26.5—26.7 
24 — = = — 22.8-22.8 22.9 
22.8—-23.0 
25 = = = = 18.7—18.8 18.8 
18.7—18.8 
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the above two phosphatide systems, both containing 8.1 m mol/l phospha- 
tide, 4.37 m mol/l cholesterol and 20 m mol/l NaCl, the difference being 
that one contained 18.0 vol. % and the other 27.0 % tert-butanol. By 
mixing these two in various proportions we obtained a series of mixtures 
used for the determination of the temperature limits. As in the mixtures 
at room temperature cholesterol is often crystallized out in the form of 
thin leaflets, and as long as these very small crystalline particles are 
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Fig. 3. Temperature tert-butanol diagrams for the blank phosphatide system 

(lower curve merging into narrow shaded region) and for the cholesterol containing 

phosphatide system with ratio 0.54: 1 (upper shaded region and broken line, 
which gives the lower limit of developing turbidity at rest) 


present no reproducible temperature limits can be obtained we must 
first get rid of them. The temperature is raised until the cholesterol 
markedly begins to dissolve and is kept at this temperature some time 
after the mixture has assumed a perfectly clear aspect. After this the 
temperature may be decreased and raised at will for determining the 
temperature limits, which appear to be perfectly reproducible. 

In the tert-butanol diagram we find a turbid (milky) region the lower 
limit of which cannot be determined with the aid of the criterion used 
in the blank-phosphatide series (beginning unsharpness of the Pt-thread). 
This because the adjacent region of the opalescent systems shows streaks 
whirling round. Therefore it had to be replaced by the just or just not 
visibility of the Pt thread. For determining the upper limit of the milky 
region this criterion was used too for convenience sake (it is not strictly 
necessary, both criteria here giving practically the same result). 


18 Series B 
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It was observed that when the magnetic stirrer is switched off, a 
turbidity is developed in the region just below the lower limit of the milky 
systems. This turbidity is due to the beginning separation of a P-coacervate 
layer. When it is stirred anew the turbidity disappears and we again 
obtain the opalescent streaky system. It is a general property of association 
colloids that after just passing the coacervation limit, the turbidity which 
sets in can be shaken away and returns again at rest. It is therefore clear 
that the lower limit of the milky region only represents that coacervated 
state which with the intensity of (constant) stirring used cannot be stirred 
away. We have, therefore, also determined a third limit, namely where 
after 30 seconds rest no turbidity at all has been formed. This corresponds 
to a state of the coacervated system (large coacervate layer) which is 
not far off from the coacervation limit. The true coacervation limit will, 
therefore, lay somewhat lower in the diagram, but it cannot be determined 
in a practicable way with our experimental equipment. The results have 
been plotted in fig. 3. 

Compared to the results with the blank-phosphatide systems, the 
turbid milky region has been displaced toward higher temperatures, the 
region is broader at the same tert-butanol concentration and thus 
stretches further to the right: At 26 % tert-butanol, we have a similar 
behaviour as with the blank at 22 % tert-butanol, in both cases while 
stirring no turbid (milky) system being present any longer but only the 
transition clear/opalescent. All the same the cholesterol containing system 
is coacervated here as at rest turbidity develops. The determination of 
the practical lower limit (no turbidity at all after 30 seconds) was difficult 
here because of the persistence of streaks at rest. It could be located 
between 24.0 and 24.5° C and thus 24.25° C has been taken for this limit. 
The turbidity developing at rest in the region between 24.25° and 30.85° 
(the limit opalescent/clear while stirring) is still heavy and leads to 
invisibility of the Pt-thread. 


The velocity with which this eriterion is reached does not lie at 30.8° C but lower 
(at about 29° C). More to the left in the figure the velocity of developing turbidity 
at rest practically coincides with the lower limit of the turbid region while stirring. 
A dotted line drawn between 29° C at 26 % tert-butanol and 35.4° at 24.4 % tert- 
butanol thus gives the probable position of the maximum velocity of developing 
turbidity at rest at intermediate tert-butanol concentrations. 


We will end this section with the remark that in the regions adjacent 
to the various limits of the blank phosphatide system and adjacent to 
the upper limit of the milky regions of the cholesterol-containing systems, 
no turbidity develops at rest. It means that a coacervate which can be 
stirred away is not present in these adjacent regions. 


6. Some temperature-addition diagrams 


The influence of an added substance can also be studied at constant 
tert-butanol concentration and increasing amounts of added substance. 
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To this end a known volume of the blank-phosphatide system is brought 
into vessel A (fig. 2) and we first determine the various limits. Then the 
vessel is carefully cooled down to about 23° C, opened and a drop of 
known weight of the substance to be investigated is added. The vessel is 
closed and the limits are determined anew. Once more the vessel is cooled 
down and a new drop is added, and so on. We have controlled that the 
necessary operation (cooling down, leaving the vessel open during the 
time necessary for adding a drop without really adding a drop) does not 
change the various limits. 

Fig. 4-7 give the influence of increasing additions of cetene at 20.2 Ye. 
and at 22.0 % tert.-butanol respectively, of oleylalcohol at 22.0 % tert- 
butanol and of n-decanol at 20.2 % tert-butanol. 
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Figs. 4 and 5. Temperature-addition diagrams for added cetene at 22.0 % tert- 
butanol (left) and at 20.2 % tert-butanol (right). Additions are given as molecular ratios 
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Figs. 6 and 7. Temperature-addition diagrams for added oleylalcohol (left) and 


n-decanol (right), at 22.0 % (left) and at 20.2 % tert-butanol (right) respectively. 
Additions are given as molecular ratios 
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When in the blank no turbidity is present (the experiments with 22 % 
tert-butanol) the added substance causes one to appear, the two limiting 
curves of which converge to the blank point on the ordinate. 

When in the blank a turbidity region is present (the experiments with 
20.2 % tert-butanol) the added substances caused broadening of the 
turbidity region, the two limiting curves taking their origin in the two 
limits of the blank on the ordinate. In all four figures the upper limiting 
curve of the turbid region takes its course in upward direction. The lower 
limiting curves differ as to the initial course taken: distinctly upward in 
the case of cetene, only very slightly upwards in the case of oleylalcohol, 
and distinctly downward in the case of n-decanol. A higher molecular 
ratio of cetene and oleyalcohol these curves also bend in downward 
direction. To compare the above three substances with cholesterol we 
must read off the shifts on the curves at a molecular ratio of 0.54, for 
this is the constant ratio for cholesterol/phosphatide in fig. 3. It will then 
appear that cetene most resembles cholesterol—though the upward 
shifts are still markedly smaller. When all four substances are compared 
we obtain the series: cholesterol—cetene—oleylalcohol-n-decanol. Apart 
from these quantitative differences, the influence of all these four sub- 
stances is practically the same as to the following points. 

a) At rest turbidity develops in the blue opalescent region below the 
lower limit of the milky region, showing that here too a coacervate is 
present which is easily stirred away. This never occurs in the clear region 
adjacent to the upper limiting curve of the milky region. 

b) With increasing molecular ratio the blue opalescent region below 
the lower limiting curve of the milky region takes on a more and more 
streaky appearance; which here too leads (from about the ratio 0.5 on 
upwards) to very great difficulties or to the impossibility of using the 
criterion of setting-in unsharpness of the Pt-thread. The lower curve of 
the turbid region in the four figures has therefore been determined with 
the aid of the invisibility criterion (which in the case of cholesterol was 
also the only practicable one). 

We may end this section with the remark that the appearance of 
heavy streaks (compare sub. b) in cases in which crystals cannot appear 
(oleylalcohol, n-decanol) sufficiently takes away the fear that the streaks 
appearing in the case of cholesterol might be due to a crystallization of 
cholesterol. 


(To be continued) 


CHEMISTRY, COLLOID 


CONTRIBUTIONS TO THE COLLOID CHEMISTRY OF 
PHOSPHATIDES. Vs 4) | 


1. Colloid systems of various kinds obtainable from egg-phosphatides 
dissolved in n-propanol—H,O or tert-butanol— H,O mixtures. 


2. Influence of cholesterol and some other organic non-electrolytes. 
BY 


H. G. BUNGENBERG DE JONG anp J. A. G. DAVIDS 


(Communicated at the meeting of March 30, 1957) 


7. Microscopical observations with slowly changing temperatures 


a. Cuvette used 

For observing what takes place when slowly heating and when subsequently 
slowly cooling with the aid of a microscope provided with an electrical heating 
stage, normal slides and cover glasses are quite unfit for use. Soon so much of the 
small quantity of liquid in between has been evaporated that air is drawn in and 
makes a somewhat prolonged observation impossible. Besides this the medium 
left continually changes its composition. 

Quite serviceable for our purposes is a simple device consisting of a) a glass 
plate (e.g. 10 x 10 cm) as slide, 6) a large size cover-plate (e.g. 5.5 x 5.5 cm or 
larger) and c) four normal small size cover-glasses in between a) and &) and 
arranged at the four corners of 6). The available space for the fluid system to be 
investigated is now relatively large, which is a favourable factor for minimizing 
the effects of evaporation. When it is observed microscopically at the central part 
it takes a long time before the harmful influences of evaporation are felt here. 


6b. Cholesterol containing system at 22.8 % tert-butanol 

This system, with a molecular ratio cholesterol/phosphatide = 0.54 
was prepared just before use and after cooling down to room temperature 
and viewed microscopically nothing particular could be observed in this 
blue opalescent system. 

On slowly raising the temperature we may observe the following 
phenomena in the succession indicated (compare also the corresponding 
numbers in fig. 8). 

1) Very large patches of a coacervate appear, which contain articulate 
vacuoles. This peculiar form of vacuoles is an indication that the coacervate 
is a P-coacervate. 

2) Gradually the volume of the coacervate relative to the total volume 
becomes smaller, which enables the formation of free coacervate drops. 


1) Parts I-IV have appeared in these Proceedings B58, 238, 265 (1955) and 
B59, 124, 149 (1956). 
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The latter may show peculiarities at their boundaries (e.g. incisions or 
more or less flat planes) which give a further indication that the coacervate 
in question is a P-coacervate. These peculiarities arise from vacuoles 
coming into contact with the interior side of the coacervate boundary 
(some vacuoles eventually left over in the interior of the drop have not 
been designed in 2 of fig. 8) *). 
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Fig. 8. Morphological observations on the cholesterol-containing phosphatide 
system (ratio 0.54) during slowly warming (upper row) and during subsequent 
slowly cooling (lower row). For details see text 


3) The diameter of the coacervate drops becomes smaller and a new 
type of inclusions are formed, namely liquid drops which have a higher 
refraction index than the surrounding P-coacervate. By this property 
they can be discerned from the vacuoles that may possibly be present, 
the interior of which has a lower refraction index than the surrounding 
P-coacervate. The newly-formed liquid drops contain a higher concen- 
tration of phosphatide than the P-coacervate (which explains the higher 
refraction index) and therefore must be considered as a coacervate too. 
To discerne it from the P-coacervate, we will call it provisionally ‘‘oily 
coacervate’’. 

4) The included oily coacervate drops increase in number and in 
volume and finally coalesce into one large drop which is inbedded in the 
centre of the P-coacervate drop. 

5) ‘The surrounding P-coacervate shell becomes thinner and thinner and 
at a certain moment it can no longer be observed. The incision originally 


present at its boundary is now found at the boundary of the remaining 
drop of the oily coacervate. 


‘) For a detailed description and microphotographs of the morphological 
peculiarities of P-coacervates compare, H. G. BUNGENBERG DE Jone and L. J. 
DE Herr, these Proceedings 52, 783 (1949) and H. G. BuNGENBERG DE JonG and 
W. W. H. Weyzmn, these Proceedings Series B54, 81 (1951). 
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6) The incisions are no longer stable here and soon (e.g. 6-10 seconds 
after the P-coacervate shell has become invisible) disappear abruptly, 
the boundary at once rounding off. 

With the electrical heating stage used we could not reach the expected 
final state (disappearance of the drops), which corresponds to the clear 
solutions above the milky region in fig. 3. 

To investigate the reversibility of the phenomena occurring when 
slowly heating, we now proceed to observe what happens when slowly 
cooling: 

7) A thin shell of coacervate, with refraction index lower than that 
of the oily coacervate, begins to form at the boundary of the oily coacervate 
drop. 

8) The new shell of coacervate grows in thickness and the diameter 
of the enclosed oily coacervate drop diminishes. 

9) When the total diameter of the composite drop is not very large, 
the enclosed oily coacervate drop disappears completely and only a drop 
of the new coacervate is left. One should, of course, expect that this 
new coacervate is the P-coacervate, but one might object that during 
the course of its development, no incisions or plane faces can be observed 
at its boundary. But this objection is not to the point as it is known that 
the morphological peculiarities of P-coacervate drops can only slowly 
arise when vacuoles are formed in the interior of the coacervate drop. 
As during the cooling no vacuolisation takes place, the absence of incisions 
or plane faces is not contrary to the hypothesis, that the new coacervate 
is a P-coacervate. That this coacervate is really a P-coacervate follows 
from the phenomena taking place when arriving at stage 9) the cooling- 
down is stopped and we proceed to raise the temperature. We then 
observe: 

10) Vacuoles appear in the interior of the coacervate drop and gradu- 
ally incisions and flat planes are formed at the boundary. With heating 
we thus arrive at the stage as represented in 2).With further heating oily 
drops appear, and so on. We have thus described a cycle in the scheme. 

But let us return to the P-coacervate at 9) and see what happens on 
further slow cooling. 

11) Below a certain temperature the production of a large number 
of very small drops in the medium surrounding the P-coacervate drops 
makes it impossible to observe what precisely happens at the boundary 
of the P-coacervate drop and with the drop itself. Finally the whole field 
is filled with very small granules, which lie close together, possibly lying 
concentrated in greater number at the place of the original P-coacervate 
drop 4). 


1) With very large coacervate drops the central oily coacervate drop does not 
disappear completely with cooling, but takes on a lobed shape. The outer boundary 
of the P-coacervate remains visible too, but it is no longer perfectly round, and 
further details cannot be discerned. 
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Having reached this stage we obtain from it by gradual heating once 
more the P-coacervate drops and all other stages on the upper row of 
the figures, again describing a cycle. 


c. Systems containing cetene, oleylalcohol or n-decanol 


We have not investigated these systems in as much detail as the 
cholesterol containing phosphatides. Here too, we meet with drops of the 
P-coacervate, of the oily coacervate and with composite drops consisting 
of oily coacervate surrounded by a shell of P-coacervate. The way in 
which they are formed and transformed one into the other with heating 
and with subsequent cooling is just the same as described in the preceding 
subsection. 


d. Blank-phosphatide system at 20 vol. % tert-butanol 

The knowledge of the phenomena occurring with the cholesterol containing 
system will be of great help to explain a certain detailpoint of the 
behaviour of the blank system. At room remperature nothing can be 
observed in the blue opalescent blank system. When we slowly raise the 
temperature we observe the following phenomena in the succession given 
(compare the corresponding numbers in fig. 9). 


1 02 3 “ 5 6 7 
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Fig. 9. Morphological observations on the blank phosphatide system during 
slowly warming (upper row) and during slowly cooling (lower row). For details 
see text 

1) A very large number of fine ‘‘particles”’ 
the true nature of which cannot be discerned. 

2) Soon they change into very small drops. 

3) They grow larger and by coalescence rapidly form appreciably big 
drops lying far apart from one another. It seems that the small drops 
are thereby pulled towards one another, but this happens so rapidly 
that the details of it cannot be discerned. It has been observed many 
times that some large drops at the moment they appear have at their 
boundary a small incision or a small plane surface, as represented in 3). 

4) These incisions or plane faces are, however, very labile details 
and are seldom longer observable than about 1 second. Then all drops 
have a perfectly round boundary. 


separates in the system 
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5)—7) The drops become smaller and smaller (4 > 5 — 6) and finally 
completely dissolve 7). It can be seen from the diagram fig. 3 that at 
20 % tert. butanol the necessary temperature for reaching the clear 
solution is lower than for the cholesterol containing system at 22.8 % 
tert-butanol; this lower temperature could be reached with our electrically 
heated stage. 

We now proceed to cool down slowly the clear solution obtained. 

8) Very many small drops are formed through the whole liquid. 

9) and 10) Though they lie close together they have only a very 
slight tendency to coalesce into larger ones. They grow somewhat in 
volume but on further cooling down no appreciable changes occur in 
the collection of small drops lying relatively near to one another. 

11) Below a certain temperature the aspect changes into a collection 
of granules lying crowded together, the shape of the granules not being 
discernable. 

When we now proceed to increase the temperature slowly it is seen 
that we switch over to the phenomena which have already been described 
as a result of heating. The collection of granules changes into small drops 
(11 — 2) which rapidly coalesce into relatively large drops, having here 
and there a small incision or plane surface (3), the drops become rapidly 
perfectly round (4) and thus we have completed a cycle and can repeat 
it at will. 

Before describing further morphological observations with the blank 
phosphatide system, we will discuss the above given. Compared with 
the cholesterol-containing system, it seems at first sight that the behaviour 
here is much simpler as only one type of coacervates is observable here. 
Judging from the appearance of the drops under the microscope it must 
be the “oily coacervate”’. 

The most striking point of the cycle still remains unexplained, namely 
that on the heating half of it the very small drops rapidly coalesce into 
relatively large ones lying far apart (2 — 3), whereas on the cooling half 
the small drops (9 + 10) do not unite, though they lie close together. 
There must be a principally different situation between the collections 
of small drops in 2) and in 9). It seems most likely that the difference 
must be sought for in the medium between the small drops. A hint for 
solving this riddle is given by the observation that just after coalescence 
into large drops one may incidentally observe drops with small incisions 
or small flat planes at their boundary (3) which aspect disappears very 
rapidly (4). 

We have already met the same morphological aspect in the cholesterol- 
containing system, namely drops of the “‘oily coacervate” provided with 
incisions. (Compare 5 in fig. 8) and we know that this transitory situation 
there only represents the very last stage of a disappearing P-coacervate 
layer, surrounding the oily coacervate drop. 

This resemblance leads to the conclusion that the behaviour of the 
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blank-phosphatide system is not as simple as it seems at first sight. On 
the contrary one must assume that the happenings at slow heating are 
qualitatively not different in principle from those of the cholesterol- 
containing system. Quantitatively the difference is that the formation of 
the P-coacervate, the decrease of its volume, the separation of oily drops 
in its interior and the subsequent disappearance of the P-coacervate shell 
(the transformations 1 — 5 in fig. 8) can be observed at ease in the 
cholesterol-containing system, these happenings being smeared out over 
a large tract of the temperature. With the blank phosphatide system the 
same happenings must occur, but they are crowded together in such a 
narrow tract of the temperature that the details— apart from the observed 
incision in (8)—cannot be observed. 

The surprisingly rapid coalescence of the small oily drops now finds a 
simple explanation. The oily drops separate in the initially formed P- 
coacervate — which at the first moment of its appearance has a very large 
volume. This volume contracts rapidly, dividing the P-coacervate into 
larger drops, which each contract further. The receding boundary of the 
P-coacervate drop sweeps the enclosed small oily drops together, which 
are thus rapidly compelled to coalesce. 

The situation at the beginning of the cooling-down half of the cycle 
is quite different. At this higher temperature no P-coacervate exists, 
hence there is no mechanism by means of which the small oily drops 
could be swept together. Therefore, they remain apart, though lying 
relatively close together. There is no reason why this situation should be 
altered with further cooling (9 > 10), as long as we do not reach the 
temperature at which the P-coacervate is formed. When we have arrived 
here a shell of the P-coacervate should develop around each small oily 
drop. But as the boundary P-coacervate/medium will now move on all 
sides away from the central oily drop, there is no reason why it should 
be swept from its place. This formation of the P-coacervate shell and all 
which must follow until we have reached the final stage consisting of 
granules (10> 11) is once more crowded together into a narrow tract 
of the temperature and no details can actually be discerned here. 

There is a way, however, to see more of it. To this end we gradually 
heat the original blank-phosphatide system until we have the relatively 
large oily drops (4). We than stop heating and cool down very slowly 
(compare fig. 10). The outstanding phenomenon which at a certain moment 
sets in, is the formation of very fine material around the oily drop, which 
in the beginning consists of streaks arranged radiairy (compare 12). 


14 13 12 4 
Fig. 10, Formation of a ‘corona’. See text 
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For shortness sake we will say that a “corona” is formed. During the 
formation of the corona and its further outgrowth the surface of the oily 
drop remains sharp, but the diameter of the oily drop decreases (compare 
13 — 14). Meanwhile there are separated in the medium very small 
granules. The original radiair streaky structure of the corona can finally 
no longer be observed. The final stage is that the central oily drop has 
disappeared and the whole field is full of granules which lie more densely 
crowded at the place originally taken by the drop-+ corona (15). 

It seems likely that the material of the granules, as well as of the streaks 
of the corona consist of the smectic phase; this material is, however, too 
finely divided to allow the observation of birefringence. A possible 
explanation of the formation of the corona is that during the expansion 
of the shell of P-coacervate around the oily drop, granules of the smectic 
phase are formed in it, and by the movement of the expanding shell are 
arranged in radial direction. 


e. Nature of the oily coacervate 


The nature of the coacervate provisionally called oily coacervate 
cannot be concluded from the observations hitherto described. To discern 
between the two possibilities —O-coacervate or a second P-coacervate — 
one must observe what happens when a vacuole comes into contact with 
the inner side of the drop boundary (O-coacervate: exit of the vacuole 
followed by rounding off of the coacervate boundary; P-coacervate: 
formation of an incision or a flat plane at the boundary). 

But unfortunately no vacuolisation occurred in the oily coacervate in 
the observations described in the preceding subsections b-d. 

In studying the formation of the corona—compare preceding sub- 
section —it was observed that when the original oily drop happens to 
be very large, vacuoles are formed in the interior !), which at first make 
their exit easily through the boundary of the drop. This then is the 
information we wanted and which allows for the conclusion that the oily 
coacervate is not a second P-coacervate but an O-coacervate. Complications 
soon occur, however, as somewhat later it may occur that this exit stops 
halfway, the boundary now showing here and there an aspect which 
superficially resembles the incisions of P-coacervate drops. But they are 
only inward bends of the drop surface, which lack the characteristic 
distinct angle between the drop boundary and incision surface. This 
and other strange forms which may arise are obviously the result of the 
loss of the fluid character of the drop with further cooling. As not to the 
point we will no longer insist on them. 

3) The difference between large coacervate drops (vacuolisation) and small 
ones (vacuolisation need not occur) is not an entirely new phenomenon, neither 
is it restricted to coacervates of association colloids, but is also found in coacervates 


of macromolecular colloids. For an explanation see H. G. BUNGENBERG DE JONG, 
chapter Morphology of coacervates in H. R. Kruy7, Colloid Science II, Elsevier 


Publishing Company, 1949. 
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8. The meaning of the shaded areas in the diagrams fig. 3-7 


From the facts: a) that in the blank phosphatide system the P-coacervate 
is limited to an extremely small tract of the temperature (section 7, sub 
c) and b), that the limiting curves of the shaded area for the blank 
phosphatide system in fig. 3 are found in the same place while stirring 
or at rest, it follows that the O-coacervate (“‘oily coacervate”) present 
practically in the whole shaded area, cannot be stirred away. 

On the other hand the P-coacervate occurring in a large tract of the 
temperature in the phosphatide system containing cholesterol can be 
easily stirred away. Thus the shaded area appertaining to this system in fig. 3 
will practically indicate the region of the O-coacervate, while the P- 
coacervate is present between its lower limiting line and the broken line 
below it. Similarly we may conclude that the shaded areas in the tempera- 
ture-addition diagrams of fig. 4-7 indicate practically the regions in which 
the O-coacervate is present. The region of the P-coacervate begins at the 
lower limit of the shaded area and stretches downward but its lower 
limiting line has not been determined in fig. 4-7. 


9. The nature of the colloid systems of higher order 


We have already suggested in section 3 that the blue opalescent systems 
consist of small particles of the smectic phase. Though we have no direct 
proof of it, a strong indication in its favour is given by the following 
observation. When we sprinkle some crystal dust of cholesterol on a slide 
and (at room temperature (20° C) place a cover glass on it with a hanging 
drop of the clear solution of egg phosphatide in 25 vol. % tert-butanol, 
we observe that the surface of the cholesterol crystals are rapidly covered 
with distinct myeline tubes (which form is known to consist of the smectic 
phase). Unfortunately the mycline tubes were so tiny that a distinct 
birefringence could not be observed. When cholesterol crystals are brought 
into contact with 25 vol. % tert-butanol itself nothing happens at the 
boundary of the crystals. When we inspect the temperature-tert-butanol 
diagram of fig. 3, we find that the point with ordinate 20°C (= room 
temperature) and abscissa 25 vol. % tert-butanol lies for the blank 
phosphatide in the region of the perfectly clear solution, but for the 
cholesterol containing phosphatide in the region of the blue opalescent 
systems. Hence the above microscopical observation allows for the con- 
clusion that the very small particles of the blue opalescent systems very 
probably consist of the smectic phase. 


10. Discussion 


The present investigation forms part of a program in which the colloid 
chemistry of phosphatides and possibly of other association colloids is 
studied in mixtures of water and a lower alcohol. This program finds its 
origin in theoretical considerations which have been developed by H. L. 
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Boots and one of us (B. DE J.) in the course of the study of association 
colloids (anionic and cationic detergents). 

On all kinds of colloid systems (viscous-elastic systems, O-coacervates, 
smectic phase) the lower terms of the alcohols exert an influence which 
is quite the reverse of that of the higher terms (this in general applies too 
for other homologous series of typical polar molecules). 

It has been suggested (supported by much evidence) that the higher 
alcohols are taken up in the micelles, between the carbon chains of the 
detergent, with the OH-group remaining anchored to the surface of the 
micelle. As to the mode of action of the short alcohols we long hesitated 
but have recently suggested that they are adsorbed at the surface of 
micelles +). If this is true, we would have here a tool for studying the 
difficult field of the colloid chemistry of phosphatides in a new way. In 
mixtures of water and a lower alcohol modifications of the behaviour 
in a purely watery medium might be expected to occur. For instance 
starting from the smectic phase (which is the natural system originating 
with contact of dry egg-phosphatides and water) a lower alcohol in its 
dissolving action will begin with loosening the “micelle plates” (bi- 
molecular layers) in the smectic phase by trying to separate them from 
one another. This might proceed so far that the interaction of the “‘micelle 
plates” is sufficiently diminished that the smectic phase is no longer 
possible and a coacervate will be formed, before at high enough con- 
centration complete solution occurs. 

The results of the present investigation indeed show that in the absence 
of the organic additions something of the sort takes place. Leaving out 
of consideration for the moment the extremely narrow tract of P- 
coacervation we do indeed find for the blank system at increase of the 
tert-butanol concentration (and at a high enough temperature) the 


succession : 


smectic phase > O-coacervate —> solution. 


The presence of the P-coacervate—which is greatly promoted by the 
organic substance investigated—forms a difficulty, however. As we have 
no clear idea yet how on the micellar level O-coacervates and P-coacervates 
differ, this difficulty may later perhaps be cleared away when more is 
known about it. For the moment we may provisionally account in a 
formal way for the insignificant P-coacervation taking place in the blank 
system, by considering that tert-butanol is just on the verge of no longer 
being a “lower alcohol”, for its isomer n-butanol just gives distinct 
P-coacervation, which is in general a property of higher alcohols. 


1) H. L. Boor and H. G. BUNGENBERG DE JONG, Biocolloids and their Inter- 
actions, Protoplasmatologia Bd. I, 2. Springer 1956, compare p. 129. 
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11. Summary 

1) The present investigation forms part of a program, the central 
idea of which has been given shortly. 

2) The behaviour of purified egg-phosphatides in tert-butanol— water 
mixtures has been studied as a function of the temperature and the tert- 
butanol concentration by means of microscopic and macroscopic methods. 

The influence of some added organic non-electrolytes (n-decanol, oleyl- 
alcohol, cholesterol and cetene) has also been investigated the results of 
which proved to be of great help to facilitate the interpretation of the 
results with the blank phosphatide systems. 

3) Both in the blank systems and the systems containing the above 
mentioned additions, the same kinds of colloid systems occur. They are 
located in the temperature—tert-butanol and temperature-addition dia- 
grams in adjacent regions in the same succession and can be obtained 
reversibly from one another: 


smectic phase = P-coacervate = O-coacervate = solution, 


the solution, because of its solubilizing action being possibly also a colloid 
system. 

4) In the blank phosphatide system, however, the region of the P- 
coacervate is extremely small and below a certain temperature the same 
applies for the region of the O-coacervate. This may lead to the erroneous 
impression that with the blank phosphatide we have the succession: 


smectic phase = O-coacervate = solution 
or at lower temperatures the succession: 
smectic phase = solution 


5) In the blank systems the smectic phase (coming from the right) 
separates out as extremely fine particles, a colloid system of higher order 
thus being spontaneously formed (blue opalescent in which microscopically 
no particles are observed). 


CHEMISTRY, ORGANIC 


THE MECHANISM OF THE CATALYSIS OF HYDROLYTIC 
PROCESSES BY IMIDAZOLE 


IBIS 


D. M. BROUWER, Miss M. J. v. p. VLUGT anp E. HAVINGA 


(Communicated at the meeting of March 30, 1957) 


Summary: Imidazole was found to have a catalytic influence upon 
the hydrolysis of acetic anhydride and of esters such as phenyl acetates 
and dimethyl oxalate in aqueous solutions. The catalyzed reactions could 
be shown to proceed via N-acyl imidazole as an intermediate. The 
results are discussed with reference to the possible role of an imidazole 
group in enzyme-catalyzed hydrolyses. 


In the course of investigations on the kinetics of the dinitrophenylation 
and the acetylation of amino acids in aqueous solutions at pH 6-9 4), it 
was found that imidazole has a strong catalytic influence upon the 
hydrolysis of acetic anhydride. A similar catalytic effect of imidazole 
upon the hydrolysis of diisopropyl fluorophosphate and diethyl 
fluorophosphate in aqueous solutions had been found by WaGNER-J AUREGG 
and Hacxuey ?). The influence of imidazole and its derivatives upon the 
hydrolysis of p-nitrophenyl acetate has recently been reported by BruicE 
and Scumir *). As the catalytic influence of imidazole upon hydrolytic 
processes may be related to the mode of action of a group of hydrolyzing 
enzymes such as chymotrypsin, trypsin and cholinesterases ® 4), it was 
decided to study the catalytic reaction more in detail. 

The influence of imidazole upon the rate of hydrolysis of acetic anhy- 
dride at pH 6.0 and 0° C can be seen from fig. 1. The reaction was followed 
at constant pH by continuous neutralization of the acid liberated with 
0.2 M Na,HPO,. The increase of reaction rate proved to be proportional 
to the concentration of imidazole. 

According to WacnER—JAuREGG and Hackiry and to Bruice and 
Scumir the imidazole-catalyzed reactions would not proceed via a N- 
phosphoryl or N-acetyl imidazole as a prerequisite since N-methyl 


imidazole shows an equally strong catalytic action. At first sight our 
measurements seemed to be in accordance with this supposition. The 
rate of liberation of acid after the imidazole has completely been converted 
to N-acetyl imidazole is too high to be explained by the simultaneous 


1) D. M. Brouwer, Thesis, Leyden, and forthcoming papers to be published. 
2) T. WAGNER—JAUREGG and B. H. Hackiey, J. Am. Chem. Soc. 75, 2125 (1953). 
3) T. C. Bruice and G. L. Scumir, Arch. Biochem. Biophys. 63, 484 (1956). 
) 


4) See e.g. references 7)—14). 
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Fig. 1. The influence of imidazole upon the rate of the hydrolysis of acetic anhyl 

dride in water at pH 6.0 and 0° C. Base uptake as a function of time by: a, 1 mmol 

acetic anhydride; b, idem, in the presence of 0.14 mmol imidazole; c, 0.3 mmo- 
imidazole; d, 1.0 mmol imidazole. Initial volume 65 ml. 
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capearesageandl {11 + 
Fig. 2. The formation of N-acetyl imidazole during the imidazole-catalyzed 


hydrolysis of acetic anhydride at pH 6.3 and 18°C. Cyonyartte= 4-5 X 10-* M; 
Cimiaazole = 2 X 10-? M. 
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hydrolysis of the N-acetyl imidazole 5) formed and of the excess of acetic 
anhydride. From previous data 1), however, it appeared that the initial 
velocity of the reaction is of the same order of magnitude as could be 
expected for the acetylation of imidazole. In order to find out whether 
N-acetyl imidazole is involved as an intermediate in the imidazole- 
catalyzed hydrolysis of acetic anhydride, we followed the reaction at 
pH 6.3 spectrophotometrically at 245 my, at which wavelength N -acetyl 
imidazole, in contrast with acetic anhydride and acetate, has an appreciable 
extinction °). The results proved that N-acetyl imidazole acts as an 
intermediate (see fig. 2); the value of the maximum concentration of 
N-acetyl imidazole found indicates that its formation can not be considered 
as a side reaction. 

The maximum concentration of N-acetyl imidazole amounts to approx. 80 % of the 
initial concentration of acetic anhydride. A higher percentage could not be expected 
taking into account that a considerable hydrolysis takes place during the time needed 
for dissolving the anhydride and diluting the solution (compare experimental details). 

It may also safely be concluded that it is the nonprotonated form of 
imidazole that is catalytically active, as was demonstrated in separate 
experiments for the comparable catalytic influence of 2-methyl imidazole 
and for the imidazole-catalyzed hydrolysis of dimethyl oxalate (compare 
also 3)). The catalyzed reaction, therefore, can be represented by the 
following scheme: 


C=C 
oO Oo Gc 5\ @ 
I] ll Nice ki Ye 
CH3C -O-C + :N N—H —-CH3G- + 
~ 
CH3 ee Qe 
eR Pe 
C-N N: + Ht 
Za 
30 C=C 


O- >\ 
fe) O Cc 
4 4 ee 
Re cuc <2 cule + =N N-H + 2H® 
: ay : ne NS / 
+ H20 (OH) Ye Ge C=C 


Scheme 1*). Hydrolysis of acetic anhydride under the influence of inidazole. 

*) Since an acetate ion is released much more easily than an alkoxy ion, it 
would seem to us that an Sy.-mechanism may give a better description in this case 
than the mechanism that is usually given for the alkaline ester hydrolysis 
(compare e.g. C. K. Incoxp, “Structure and Mechanism in Organic Chemistry’’, 
Cornell University Press, New York, 1953). 


5) E.R. Sraprman, in “The Mechanism of Enzyme Action”’, (The Johns Hopkins 
Press, Baltimore, 1954), p. 581. 
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The difference between the observed rate of liberation of acid (fig. 1) 
and the rate with which acid will be liberated by the simultaneous 
hydrolysis of acetic anhydride and of N-acetyl imidazole, the latter 
reaction followed by reacetylation of the imidazole liberated, may be 
explained by the reasonable assumption that N-acetyl imidazole exerts 
a catalytic influence just like N-methyl imidazole. The reaction se- 
quence can be represented by the following scheme: 


O Oo O ¢ + 
i tl poe . oa 
a + :=N pale — CH,C + as a ie 
\ 
3 G '& S © 
5) 1 c 
as @ LO OES re) 
CH3C - Sige + :N N-R + 2H 
\ / 
+ H30 (OH} &. Qo hs 


R-zalkyl-or acylgroup. 


Scheme 2. Hydrolysis of acetic anhydride catalyzed by N-alkyl or N-acyl imidazole. 


Because of its positive charge the intermediate ion (C; scheme 2) will be 
much more liable to hydrolysis than N-acetyl imidazole. Its reactivity 
may be compared with that of the acyl imidazolium ion (A; scheme 1); 
in contrast with the latter, however, it cannot change into the less unstable 
molecule (B; scheme 1). 

It was deemed interesting to investigate whether imidazole also has a 
catalytic influence upon the hydrolysis of normal (“‘low-energetic’’) 
esters and—if so—whether the catalyzed reaction proceeds via a N-acyl 
imidazole. As N-acetyl imidazole is a high-energy compound ®) its 
formation from normal esters will proceed only with difficulty. 

No catalytic effect was observed upon the hydrolysis of ethyl acetate 
and of acetylcholine at pH 9 *); this, however, was considered to be due 
to the fact that hydrolysis by hydroxyl ions at this high pH proceeds 
relatively fast obscuring the imidazole-catalyzed hydrolysis. At pH 6, 
on the other hand, the rate of hydrolysis of ethyl acetate was too low to 
be measured. The effect of imidazole upon the rate of hydrolysis of esters 
of the low-energy type was, therefore, investigated with dimethyl oxalate, 
which, though not being high-energetic, hydrolyzes rapidly. Imidazole 
showed a definite catalytic influence also in this case (see fig. 3). 

From measurements performed at pH 5.5, 5.8 and 6.1 it could be 
concluded that imidazole is only active in the nonprotonated form. The 


*) These measurements were performed with the collaboration of Mr. L. 
GINJAAR. 
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extent of the imidazole-catalyzed hydrolysis of dimethyl oxalate as 
compared with the spontaneous one is much smaller than in the case of 
acetic anydride. This is because dimethyl oxalate, on account of the 
presence of a strong electron-attracting group in the acid residue, 


ml. Nay HPO, (02M) 
; 


6 


2 466758 JOU2 44. 16 
time (min) 


Fig. 3. The influence of imidazole upon the rate of the hydrolysis of dimethyl- 
oxalate in water at pH 6.0 and 25° C. a, ~~5 mmol dimethyl oxalate in 50 ml 0.75 M 
aqueous NaCl; 6, idem, after addition of 4 mmol imidazole. 


is particularly sensitive to the nucleophilic attack by negatively charged 
groups such as the hydroxyl ion. The hydroxyl-ion effected hydrolysis, 
therefore, will play an important role even at a relatively low pH. This 
was demonstrated by the observation that the rate of hydrolysis of 
dimethyl oxalate is proportional to the hydroxyl-ion concentration in 
the pH range 5.5-6.1, whereas with acetic anhydride the rate decreases 
only by 10 % when the pH is lowered from 6.1 to 5.8. 

The overall rate of the hydrolysis of ethyl acetate at pH 7.0 appeared 
to be extremely low, even in the presence of 10~-? M imidazole. The steady- 
‘state concentration of N-acetyl imidazole, if it should occur as an inter- 
mediate, was, therefore, too low to be measured. At a higher pH the 
ratio between the rates of formation and decomposition of N-acetyl 
imidazole is even more unfavourable. Also with dimethyl oxalate no 
positive result could be expected as the N-oxalyl imidazole should be 
much less stable than the acetyl derivative. Therefore, p-nitrophenyl 
acetate and phenyl acetate were chosen as compounds suitable for an 
investigation on the possible occurrence of N-acyl imidazole as an 


20 40 60 80 1OO 
min 
Fig. 4. The imidazole-catalyzed hydrolysis of p-nitrophenyl acetate at pH 7.0 and 
room temperature in 2 x 10-® M imidazole buffer. Formation of: a, nitrophenol; 6, 
N-acetyl imidazole. Initial concentration of p-nitrophenyl acetate 0.99 x 10 -M. 
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Fig. 5. The imidazole-catalyzed hydrolysis of phenyl acetate at pH 7.0 and room 

temperature in 5 x 10-* M imidazole buffer. Formation of: a, phenol; b, N-acetyl 
imidazole. Initial concentration of phenyl acetate 5.64 x 10-4 M. 
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intermediate in the imidazole-catalyzed hydrolysis of esters of moderate 
or low energy content. The imidazole-catalyzed hydrolysis of p-nitrophenyl 
acetate at pH 7 was followed spectrophotometrically at 400 my and at 
242 my in order to determine simultaneously the amounts of p-nitro- 
phenol/p-nitrophenolate and of N-acetyl imidazole formed. The results 
are represented in fig. 4, from which it can be seen that the initial rates 
of the formation of N-acetyl imidazole and of p-nitrophenol are equal. 
If the reaction proceeds according to scheme 1, and k, and k, are the 
first-order and pseudo first-order rate constants resp. the following relation 
will be valid: C,,.=Cy (k,/k,)=", where C, is the initial concentration 
of p-nitrophenyl acetate and C.,,, is the maximum concentration of 
N-acetyl imidazole. k, can be calculated from curve a) (fig. 4) and k, 
from the second part of curve b). From the values obtained (k, =0.197 
min~ and k,=0.007 min~) it follows that C,,,./C)=0.85, which is in 
close agreement with the experimental value 0.89. 

The imidazole-catalyzed hydrolysis of phenyl acetate at pH 7.0 was 
followed simultaneously at 242 mu and at 270 mu. The concentration of 
N-acetyl imidazole was calculated from the increase of the optical 
density at 242 my, that of phenol from the increase of the optical density 
at 270 my after correction for the extinction of N-acetyl imidazole at 
this wavelength. The results are represented in fig. 5. Also in this case 
the catalyzed reaction proceeds quantitatively via N-acetyl imidazole. 


Discussion 


According to WaGNER-JAUREGG and Hackiey and to Bruice and 
Scumrr the imidazole-catalyzed hydrolysis would not necessarily 
proceed via acetyl or phosphoryl imidazole. Gotp and JEFFERSON ®) 
concluded from their investigations on the pyridine-catalyzed hydrolysis 
of acetic anhydride in 50 % aqueous acetone that the reaction proceeds 
via a N-acetyl-pyridinium ion. All experiments, however, to detect this 
product had negative results. Our experiments demonstrated that 
N-acetyl imidazole is an intermediate in the imidazole-catalyzed reactions. 
The negative results by GoLtp and JEFFERSON °) to detect the N-acetyl 
pyridinium ion may readily be explained, as this intermediate will be 
too unstable to occur in detectable quantities. Its stability may be com- 
pared with that of the acetyl-imidazolium ion, which is much more 
unstable than acetyl imidazole. In our experiments at least 90% of the 
acetyl imidazole was present in the more stable nonprotonated form. 

In the hydrolyses of the compounds investigated (acetic anhydride, 
p-nitrophenyl acetate, phenyl acetate) the catalyzed reaction proceeds 
quantitatively via N-acetyl imidazole. This seems to exclude other 
mechanisms for the catalytic power of imidazole, consisting e.g. in a 
participation of imidazole in the transition state without the formation 


6) V. Gotp and E. G. Jerrmrson, J. Chem. Soc. 1953, 1409. 
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of a covalent bond between the imidazole nucleus and the carbon atom 
of the ester group (compare e.g. °)). 

Comparing the stabilities and the reactivities towards hydrolytic 
reagents of acetic anhydride, acetyl imidazole, p-nitrophenyl acetate, 
phenyl acetate and ethyl acetate we think the conclusion is justified that 
the mechanism proposed will hold for esters generally. The ratio of the reac- 
tivities of these compounds towards hydroxy] ions is about 10°:10°: 10°:10:1 
in the order mentioned. Adopting the reactivity for a series of esters of 
the same acid as a measure of their “energy character’, phenyl acetate 
can safely be considered to belong to the class of low energy compounds 
when compared with N-acetyl imidazole. 

Bruice and Scumre reported that pyridine and its derivatives did 
not catalyze the hydrolysis of p-nitrophenyl acetate *). We were able 
to confirm these results; pyridine in a concentration of 4 x 10-*M did 
not have any influence upon the rate of hydrolysis of p-nitrophenyl 
acetate at pH 7.90, whereas in the presence of 5 x 10-4 M imidazole the 
rate was increased by about 900 °%. Pyridine, however, proved to exhibit 
a strong catalytic influence upon the hydrolysis of acetic anhydride 
under analogous conditions. At pH 6.0 and 0.5° C pyridine was about 
10 times as effective as imidazole, which can only partly be accounted 
for by the difference in. base strength. 


It may be noted that 2-methyl imidazole proved to have about one eighth of the 
catalytic activity of imidazole, when the difference in base strength is taken into 
account, both with respect to the hydrolysis of acetic anhydride and to that of 
p-nitrophenyl acetate. About the same ratio has been found by GoLp and JEFFERSON 
for the catalytic activities of 2-picoline and pyridine with respect to the hydrolysis 
of acetic anhydride §). 


The fact that the catalytic influence of imidazole appears to be based 
on the formation of an intermediate N-acyl imidazole might be of im- 
portance in connection with the mode of action of enzymes such as 
chymotrypsin, trypsin, and cholinesterases. It has been found that in 
these enzymes a group having a pK value of about 7 is involved in the 
catalytic process 7-1). The imidazole group of histidine is the only group 
known to occur in proteins that has such a pK value. On the other 
hand the enzymatic reaction seems to proceed via an intermediate acyl- 
enzyme 1°14), the precise nature of which still forms a matter of 


7) B. R. Hammonp and H. Gutrreunp, Biochem. J. 61, 187 (1954). 

8) D. G. Donerry and F. Vastov, J. Am. Chem. Soc. 74, 931.(1952). 

®) H. Gutrreunp, Trans. Far. Soc. 51, 441 (1955). 

10) KF. Beramann, Disc. Far. Soc. 20, 126 (1955). 

11) I. B. Witson, Disc. Far. Soc. 20, 119 (1955). 

®) I. B. Witson and E. Canis, J. Am. Chem. Soc. 78, 202 (1956). 

H. Gurrreunn, and J. M. Sturtevant, Biochem. J. 63, 656 (1956). 

G. H. Drxon, W. J. Dreyer and H. Neurars, J. Am, Chem. Soc. 78, 4810 


18) 
aa) 


(1958). 
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discussion. Combining these data one might assume that the acyl group 
becomes attached to an imidazole nucleus of the enzyme. However 
recent investigations by Drxon, Dreyer and NEuRATH Sanda by: 
GUTFREUND and SturTEvANnT!3) on the reaction of p-nitrophenyl 
acetate with chymotrypsin brought no confirmation of such a hypothesis. 
Another way for the imidazole residue to be involved in the enzymatic 
process might be based upon an electrostatic interaction without formation 
of a covalent bond, resulting in a favourable transition state for the 
transfer of the acyl residue to a nucleophilic center (hydroxyl group of 
serine?) in the enzyme. However, as in the nonenzymatic imidazole- 
catalyzed processes the reaction proceeds unequivocally via N-acyl imi- 
dazole as an intermediate it seems probable that if the imidazolyl residue 
is involved at all in the enzymatic reactions this will also occur via the 
formation of a N-acyl imidazole grouping. The possibility that the acyl 
group is primarily attached to the imidazole residue and then rapidly 
transferred to another nucleophilic group of the enzyme still deserves 
attention. With such a mechanism the steady-state concentration of 
the N-acyl imidazole grouping would probably be rather low. 


EXPERIMENTAL DETAILS 


Hydrolysis of acetic anhydride (titrimetrically ) 


The measurements were performed by adding 1 mmol acetic anhydride 
to 65 ml of water at 0.5° C in which imidazole (0-1 mmol) was dissolved 
and which was adjusted to the desired pH with N HCl or acetic acid. 
The rate of the reaction was determined by keeping the pH constant by 
adding 0.2 M Na,HPO, from a burette and reading every 30 seconds the 
volume of base consumed. Neutralisation with 0.2 N NaOH proved to 
be unsuitable for these measurements as it gave rise to locally high 
hydroxyl-ion concentrations; in one particular case it was demonstrated 
that the error induced in this way amounted to more than 100 %. 


Hydrolysis of dimethyl oxalate 

The rate of hydrolysis was determined at 25°C by adding 2 ml of a 
concentrated solution of dimethyl oxalate in absolute methanol to 50 ml 
of a solution of variable amounts of imidazole in 0.75 M aqueous NaCl. 
The latter solution was adjusted to the desired pH by means of HCL. 
The rate of the reaction was determined in the same way as described 
for acetic anhydride. 


Hydrolysis of acetic anhydride (spectrophotometrically ) 

0.53 mmol acetic anhydride was dissolved in 50.0 ml of water. 0.107 ml 
of this solution was made up to 25.0 ml with a 0.02 M solution of 
imidazole in water that had been adjusted to pH 6.29 with N acetic acid. 
The optical density at 245 my was measured using the imidazole buffer 
as a blank. 
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Hydrolysis of p-nitropheny! acetate 

0.093 mmol p-nitrophenyl acetate was dissolved in 2.0 ml of methyl 
cellosolve and 2.0 ml of water was added. 0.107 ml of the solution obtained 
was made up to 25.0 ml with 0.02 M imidazole buffer of pH 7.00. The 
absorption was measured at 400 my and at 242 my; the latter wavelength 
was chosen instead of 245 my, as the extinctions of p-nitrophenyl acetate 
and of p-nitrophenol/p-nitrophenolate at pH 7.00 were found to be equal 
at 242 mu. 


Hydrolysis of ethyl acetate 

1.1 mmol ethyl acetate was dissolved in 25.0 ml 0.03 M imidazole buffer 
of pH 7.00. 10.0 ml of this solution was titrated directly with 0.1 N NaOH 
from pH 7.00 to pH 10; another 10.0 ml was titrated after 8 hours. The 
titration curves coincided within the experimental error. 


Hydrolysis of phenyl acetate 

1.35 mmol phenyl acetate was dissolved in 5.0 ml methyl cellosolve 
and 5.0 ml water. 0.107 ml of this solution was made up to 25.0 ml with 
0.05 M imidazole buffer of pH 7.00. The absorption was measured at 
242 mu and at 270 mu. 
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Note added in proof: 


The authors wish to draw attention to three papers just published *"°), 
The results and conclusions reported show gratifying agreement 
with those mentioned in this paper. 


1) M. L. BenpER and B. W.TurNQquEstT, J. Am. Chem. Soc. 79, 1652, 1656 (1957). 
16) T. C. Brurce and G. L. Scmurr, J. Am. Chem. Soc. 79, 1663 (1957). 
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Summary 

A simple formulation of the dynamical and physical properties of the 
homogeneous universe is given by means of three principles taken from 
the work of Lemairre and Totman, which suffice for any application. 
Following ErnsTern, the theory of general relativity is used in its original 
form of 1916. Observations at present are in favour of an expanding 
universe but, if the distance scale would become 1.7 times the present 
one, a pulsating universe might be possible. Both are shown to be limited 
in time, the expanding universe to an expansion only and the pulsating 
universe to one pulsation: prior to the beginning and, in the case of pul- 
sation, after the end also, the space-time world of general relativity 
becomes impossible because the motion cannot be reversed. 

Permitting, in some way, by a modification of the laws, a reversal of 
the motion, at the stage of largest compression, one may have the world 
existing for all time if the expanding universe is preceded by a contracting 
one, but only if at t = —oco the thermal kinetic energy and the radiation 
energy are infinitely small as compared with the rest energy. 

The pulsating universe with such reversals would have various pul- 
sations such that the radiation content gets larger and larger, but it would 
remain impossible prior to the time where all is hydrogen and the radiation 
content is zero. At each reversal complete regeneration of nuclear energy 
could take place. 

One may consider three questions: 1. whether the universe can exist 
throughout all time, 2. whether it keeps itself going in the thermodynamic 
sense and 3. whether it shows the same average aspect over many pul- 
sations or a long time interval. It is concluded that under ordinary laws 
these questions have to be answered in the negative and, with reversal, 
all but one. 

In the concluding section some remarks dre made: whether a homo- 
geneous model is justified, conservation of energy holding for small scale 
phenomena but not for the universe as a whole, measuring rods and 
clocks fixed by quantum conditions, influence of the expansion of the 
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universe on dimensions of systems and continuous creation theories 
amounting to a secularly changing universe. 


1. Introduction 

The purpose of the present paper is to give a comprehensive treatment 
of known work such that results can be derived from this in a simple 
manner. Moreover some applications will actually be made. 

It must be pointed out that the underlying assumptions are those of 
EINSTELN’s original theory of relativity as given by him in 19161). Because 
he originally thought that the universe should be in equilibrium, ErysTEIN 
modified his field equations by introducing an additional term involving 
a cosmological constant 4 or A ?). When later HuspBLE and HuMASON’s 
observations of the red displacement of extragalactic nebulae inter- 
preted as a Doppler effect gave strong observational evidence for the 
universe not being in equilibrium, there was no reason left for a cosmo- 
logical term, so that, in 1931, ErysTErn returned to his original theory, 
that is without A term ). In the Appendix I to his book ““The meaning 
of relativity’ +) he clearly states: “If HuBBLzE’s expansion had been 
discovered at the time of the creation of the general theory of relativity, 
the cosmological member would never have been introduced”. 

The fact that one can revert to the original form of ErysTErN’s theory 
makes the discussion very simple: one only has three types of homogeneous 
universe of constant mass, depending on whether the curvature is positive, 
negative or zero, while the dependence of the radius of curvature R on 
the proper time ¢ is represented by only one curve for each if a suitable 
unit is introduced for length and time (See Figures 1 and 2). An orientation 
for this case of constant mass (FRIEDMAN) is given in Section 2, together 
with a brief discussion of the bearing of observations on the three cases. 

Section 3 deals with the approximately homogeneous universe in 
which physical processes take place. These processes result in a change 
of mass by the law of inertia of energy. The dynamics of such a universe 
of variable mass was treated in principle by LemAirre in 1927 and more 
fully in 1946. In his standard work written in 1935 ToLMAN gave a 
thorough treatment of thermodynamics in general relativity, which also 
contains applications to various homogeneous models of the universe. 
In Section 3 the dynamical and physical properties of the homogeneous 
universe according to general relativity are formulated by means of 
three principles A, B and C, which are taken from this work of LEMATTRE 
and Totman. They can safely be taken as the starting point for all 


1) A. Exysrerm, 1916. Ann. d. Phys. 49. Also as reprint ‘Die Grundlagen der 
allgemeinen Relativitiitstheorie’’ (Barth, Leipzig, 1916) 
*) A. Erystern, 1917. Berliner Berichte, p. 142. 

*) A. Erystery, 1931. Berliner Berichte, p. 235. 
4) A. Exystrern, 1946. The meaning of relativity (Methuen, London), third 
edition, Appendix I. Or later editions. 
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dynamical and physical discussions pertaining to the homogeneous 
universe, although of course they have arisen from rather lengthy 
derivations from the fundamental laws of general relativity. 

In sections 4 and 5 applications of these principles are given as illus- 
trations, leading in part to results already obtained by Toxman. The 
chief problem considered however is one of interpretation. It concerns 
the old question whether the universe, in the sense of the four-dimensional 
space-time world, is limited in time. In other words whether, in the case 
of an expanding universe, this world becomes physically impossible 
somewhere in the past, or in the case of a pulsating universe, it would 
become impossible somewhere in the future as well. This matter is discussed 
(See the Summary) and the thermodynamic behaviour and its bearing 
on the dynamics of the universe considered. 

In Section 6 three philosophical desires are examined: that the universe 
would exist throughout time, keep up its power sources and not change 
secularly. The conclusion is that only one of them or none can be satisfied. 
Finally, a number of remarks are made in Section 7. 


2. Universe of constant mass. The three types: Pulsating, expanding and 
transition case. Hubble tume and present density 


The dynamics of the homogeneous universe according to HINSTEIN’s 
general theory was essentially given by FRIEDMAN as early as 1922. }) 
FRIEDMAN’s dynamical equation with 1=0 (Section 1) may be written 
32 2 2 2 
() aaom(g) -—mt e 7<R, 
where c is the velocity of light and K =6.67 x 10-* c.g.s. units the gravity 
constant. The proper density is 9 and t the proper time, by which is meant 
that they are measured in the local system in which matter in bulk is 
at rest. At any time ¢ the three-dimensional universe is a hypersphere 
of radius of curvature R. For any observer at rest locally, v is the velocity 
of expansion of matter at a distance r<R. FrrepMAN neglected the 
presence of radiation as well as gas pressure and thermal energy and 
local motion of stars and stellar systems. In other words, his model, used 
in the present section is that of a universe filled with material particles 
at local rest (dust universe). So the local mass in an expanding or con- 
tracting volume element is constant, which condition can be put into 
the form 
(1a) o B® =o, h3— const. 


if 9, and R, denote the present density and radius of curvature. 
Considering 9 as the smoothed out density of matter, the model may 

be expected to give a good insight in the actual situation, giving a first 

approximation for #& as a function of ¢, except at small R, where finally 


1) A. Frrepman, 1922. Zeitschr. f. Phys. U@), B77. 


288 


radiation- and gas pressure as well as the kinetic energy of stars and 
stellar systems become in:portant. 

Defining the curvature as 1/R?, this quantity may be positive, zero or 
negative, depending on whether F is real, infinite or imaginary. This 
general applicability was first pointed out by RoBErtson. *) 

Available observations hardly allow a direct measurement of R. For 
a discussion it is best to use as observational data the density gp, or a 
lower limit to it, and the expansion H=v)/rg at the present instant, 
which is indicated by the suffix °. According to HuUBBLBE’s observational 
law v/7) is constant for the relatively small distances in the observable 
region, in agreement with theory, equation (1). Recent observations by 
Humason, Mayauu and SANDAGE ”) making also use of PETTIT’s apparent 
magnitudes of extragalactic nebulae give H=180 km/sec for 10° parsecs 
or 55 km/sec for 10° light-years. However the determination of H, or of 
its reciprocal the HuBBLE time 7',, is stated to be “one of the most 
difficult problems in observational astronomy, since each step is just 
on the border line of possibility.” (loc. cit. p. 159). Keeping in mind a 
possible further increase in distance scale for the extragalactic nebulae 
concerned by a factor /, we have 
(2) z= — rg =551~! km/(sec. 1081. y.), T7=5.4x 10° years 

A 0 
corresponding to 3/ times the old HuBBLE distance scale. 

Consider first the case R=co, which is the transition case between R 
real and imaginary. The solution was given by EINSTEIN and DE SITTER. 8) 
The present density 0) required for this case will be called the critical 
density Qo,,- Equations (1), (la) and (2) yield: 

5 > 3 l 


eon Gow Ge 2 Sake Te = 6, 16x 10-™ {-* gricm? = 


(3) 


= 3.68 x 10° 1~* H-atoms/em? 
and taking t=0 for r=0, the solution is 


(4) pe ri (2)", 

To to 
where the age of the universe f) is given by 
(4a) bo or = by = (6 KO ox) ~ ‘h= ET y. 


The velocity of expansion v approaches zero for t=co. The geometry is 
euclidean throughout. 

According to formulae (1) to (4a) the only three cases possible are the 
following. *) 

1. R real: Pulsating wniverse (Fig. 1), 09> oq» to<3Uq=3.6 X 10°] 
years. Maximum R,, = 82K, R3/(3c?). 


1) H. P. Roserrson. 1929. Proc. Nat. Ac. Se. 15, 826. 
*) M. L. Humason, N. U. Mayaun and A. R. Sanpace, 1956. Astron. J. 61, 97. 
8) A. Ernstern and W. pk Srrrer, 1932. Proc. Nat. Ac. Sc. 18, 213. 


*) See also H. P. Ropertson, 1955. Publ. Astr. Soc. of the Pacific 67, 82 and 
Helv. Phys. Acta Suppl. IV, 143. 
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2. Kimaginary, R=i|R|: Hxpanding universe (Fig. 2), 09<oes ty> ue 


For t=oe, d|R|/dt=c. For 9 <q, b=Ty=5.4 X 10°1 years, uniform 
motion, except near t=0. 
3. R=co: Transition case, 0)=0),,=6.16 < 10-29] gr/cem, 


2 


0 —>ct/u Tt 2m 


Fig. 1. Case 1: Pulsating universe of constant mass (Ff real, 09 > Q).. = 6.16 x 
WORE RS foie facies 

(1) k=u(l—cos), ct = u(y —sin 9), 

where the unit 


Kg, By eT Qo/@ocr 


Ia a Se pet 
as ee eof Goce — Ly 
and also 
R 
(1b) Ry=cTx/VeolQoa—1, S* =1—4 =P. 
0 


One may take distances in light-years and times in years, then also c = 1. 

The points on the curve represent the present state of the universe for various 
assumed values of the present ratio Q9/09,, given below with the present radius 
Ff, and age t: 


Point (1) (2) (3) 
0o/Oocr 1} 2 5 

R, light-y 10.8 102=27, 54x 101=T, 27x 101=4T, 
t) years 3.4 x 10°! Sale eel Oe E 2.5 x 10°71 


if the distance scale is 37 times HUBBLE’s old scale. 


The actual solutions for cases 1 and 2 are given in the curves Figures 1 
and 2 with the corresponding formulae (I), (Ia), (Ib), (II), (Ifa) and (IIb) 
due to DE SirTEeR!) brought in a form suitable to our purpose. They 
readily follow from our equations (1) to (3). The values of the present 
radius R, and present age t, which the formulae yield for three adopted 
values of 0/0),, are also given and the corresponding points in the figures 


1) W. pe SrrTeR, 1932. Proc. Kon. Ak. Amsterdam, 35, 596. 
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marked. In Fig. 1 the pulsation might be repeated indefinitely in past 
and future if reversal of the motion would be allowed at the beginning 
and end (See Section 4), which is indicated by the dotted lines. Similarly, 
the expansion of Fig. 2 might be preceded by a contraction throughout 
the past from t= —co to t=0 (the dotted mirror image of the drawn 
curve) if reversal would be allowed at the beginning. 

1 


0 —-ciu 


Fig. 2. Case 2: Expanding universe of constant mass 
(R = aR, 09 < Oog = 6.16 X 10-*1-* gr./cm!). 
(II) |R| = u (cosh p—1), ct = u (sinh gp — gq), 


where the unit 


Koo|Rol$ 0/00 er 
Hit =437, — Hh eT Sor EEEREEEEEEEaET 
ee le ah" 4cT ET oelooa)™ 
and also 
R 
(116) \Rel=cTx/VI—ooldve> 2% =14+4 Pol , 
oder u 
Similar to Fig. 1 we have the points 
Point (1) (2) (3) 
00/Cocr 3/4 5/9 9/25 
|R,| light-y 10.8 x 1097 = 27, 81x 10°1= $y 6.75 x 102=13T, 
t years 3.8.x 10°71 4.0 x 10°17 43 x 10°% 


As @ decreases, the point goes upward along the curve and |Ro| as well as ft 
approach 7’',, but the tangent is not an asymptote but goes off to infinity. 


One may estimate the mass of an extragalactic nebula from the velocity 
of rotation measured spectrographically at a known distance from the 
centre, and so HuBBLE') obtained a present average density due to 


') Epwin Husstp, 1936. The realm of the nebulae (Oxford Univ. Press), p. 180, 189. 
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nebulae of about 10-%° gr/em’. Using the present distance scale this 
would become 3? times as small or about 10~*1, and, allowing a further 
factor J it would be 10-®! /-2. However it is quite conceivable that there 
is a substratum of matter in between of average density greatly in excess 
of this and becoming even more than the critical value 6.16 X 10-29 [2 
then representing the value of g, in the equations. ') It would not affect 
the local determinations of mass of separate nebulae and has the advantage 
that it facilitates condensation of stellar systems at the earlier stages of 
evolution of the universe. Another method Hupsie used is that of 
SINCLAIR SMITH *), who derived for the Virgo cluster of nebulae a velocity 
of escape of about 1500 km/sec. Combined with the dimensions of the 
cluster and numbers of nebulae this gives an estimated mass per nebula 
of about 100 times the other. This probably means that there is excess 
matter in between the nebulae of the cluster which produces the gravity 
field. Again this may be merely matter in excess of the general substratum, 
and the assumption that there is such a substratum would hardly affect 
the gravitational interaction of nebulae in the cluster. As far as the 
density goes, all three types of universe (pulsating, expanding and transition 
case) would therefore be allowed observationally. 

An observational estimate for the age of the universe ft is the value 
of about 5 x 10° years for the age of the oldest stars in globular clusters 
from the Russell-Hertzsprung diagram combined with energy pro- 
duction by nuclear processes. The best estimate for the age of the universe 
however follows from radio-active transformations in minerals in the 
earth’s crust and meteorites. Using the abundance ratio U**/?83 FowLsr 3) 
finds for the age of Uranium (which is formed before the solar system) 
(6.3-+ 0.3) x 10° years if synthesized in one act. By a detailed discussion 
involving besides the abundance of Th?*? ArsEn *) finds (6.3-4 0.6) x 109 
years for the age, which might be near the age of the universe. So one 
may take: 


Observed t)>5.7 x 10° years. 


For the universe to be of the pulsating type this would require /> 1.7, 
so that unless there is a further increase in distance scale by a factor 1.7 
(in total 5.0 times HuBBLE’s old scale) the pulsating universe of general 
relativity is ruled out. Yet one does well to include it as a possibility, as 
is done in the present paper. 


3. Homogeneous universe of variable mass. Dynamical and physical 
principles. Their empirical background. Laws of thermodynamics 


We shall now consider the most general case of a homogeneous (and 


1) ZwicKy’s interconnected galaxies may also be of interest in this connection: 
F. Zwicky, 1956, Ergebnisse der exakten Naturwiss. 29, 344. 

2) Srvcuarr SmirH, 1936. Ap. J. 83, 23. 

3) W. A. Fow ter, 1956. Publ. Astr. Soc. of the Pacific, 68, 505. 

4) A. H. W. Aten, 1957. Private communication. 
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isotropic) universe in which all kinds of physical processes can take place. 
Then the energy-momentum tensor 7” which occurs in the gravitational 
field equations of general relativity has the non-vanishing space com- 
ponents 711 =7??= 7 = p, the pressure and the time component [A = 96", 
for density 9, where a local rectangular system of reference is used. The 
mass contained in an expanding or contracting volume element dV is 
then no longer constant. Lemaitre!) has shown that for this case of 
variable mass equation (1) remains valid *). This will be formulated 
below as the general dynamical Principle A, together with the general 
physical Principles B and C, of which B is contained in LEMAiTRE’s work 
and Cis largely due to ToLman 3). It goes without saying that the simplicity 
of the principles is entirely bound up with the fact that the approximation 
of a homogeneous universe is used. 

A. The dynamical principle. As remarked, equation (1) holds for 
this general case involving gas pressure and thermal energy as well as 
radiation. As is usually done, we now shall always mean by the radius 
of curvature R its absolute value |R|, while a quantity w is introduced 
such that w— +1 for case 1 (positive curvature) and w= —1 for case 2 
(negative curvature). 

Using equation (1), now for variable mass, the principle can be expressed 


by 


ans he, © o , 2KM 
(5) a) re 
where 
(5a) M=oV, V=5nR’. 


M and V are auxiliary quantities, V expressing the volume which a 
sphere of radius R would have in euclidean space and M its mass if it 
would have the local density 0. 

It may be remarked that when w= +1 the total proper mass M/, and 
total volume V,, of the spherical universe (hypersphere) is 


(5b) w= +1: M.=oV,, V,=20*k* 


whereas for the hyperbolic space of case 2, w = —1, they both are infinite. 
It may further be pointed out that LemaiTre considers opposite points 
in the spherical space to be identical (elliptical space), then M, and V,, 
have half the values of (5b), but this does not affect the other equations. 

In this homogeneous (or approximately homogeneous) universe physical 


1) G. Lemaitre, 1931. Monthly Notices of the R.A.S. 91, 483 (Translation of 
a 1927 paper). 

2) See also G. Lemairre, 1946. lHypothese de Vatome primitif. Appendice 
(Ed. Griffon, Neuchatel, out of print). Equations (15) and (16). 

5) R. C. Toutman, 1934. Relativity Thermodynamics and Cosmology (Oxford, 
Clarendon Press, reprinted without change in later editions). 
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processes, reversible as well as irreversible, can take place, and then the 
equations remain valid. 

An expanding or contracting volume element (sphere of vanishingly 
small radius dr), observed locally, has a volume 6V =cV and mass 6M =eM : 
where ¢ is independent of ¢ so that 

“2 OV 6M or\3 Ory\3 
op Soe eae 

The volume element 6V or eV, though small compared with V (e <1), 
should yet contain a sufficient number of stars and even extragalactic 
nebulae to warrant a homogeneous treatment; at any time ¢ not only its 
content of matter and radiation, but also the energy produced etc. should 
be the same, wherever in the universe 6V is placed. 4) 

B. The law of inertia of energy. For such an expanding or contracting 
volume element one has EINsTEIN’s relation that its energy content 6H 
(including rest energy) is related to its mass by 


(6) 6E=eh=c2dM 


which therefore holds locally. The local density o therefore involves not 
only the density due to the total restmass of material particles but also 
their potential and kinetic energies and energy of radiation as well. 

C. Adiabatic nature of expansion or contraction and local applicability 
of all physical laws. In the homogeneous universe the expansion or 
contraction of the volume element 6V with its content of matter and 
radiation must be considered as a real physical expansion or contraction 
which is adiabatic. This means that one can apply locally all physical 
laws, including also those of thermodynamics, while the heat 6Q added 
to 6V is zero, 

(7) 6Q =e) = 0. 

This result was essentially obtained by ToLmMANn (1934, p. 303, p. 380). 
The expansion or contraction of a volume element of the universe is at 
any instant solely governed by Principle A, regardless of any detailed 
process which takes place inside it, and so one does best to consider it as a 
forced adiabatic expansion or contraction to which its content is subjected. 
In particular one does best to use the term “work done by or on the system 
6V” in a formal manner, not considering its relation to the dynamics 
of the universe. One cannot really say that the law of conservation of 
energy applies to the universe with its content of matter as a whole. *) 

In the above, the term “content of matter” is meant in the widest 
sense, including stars, extragalactic nebulae, an eventual general sub- 
stratum, etc. 

By “all physical laws’? is meant all laws in their usual formulation 
with the exclusion of general relativity. This includes therefore classical 
or more rigorously special relativity electrodynamics and dynamics on 


1) See also Section 7(a). 
2) See Section 7(b). 
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which again classical or special relativity thermodynamics is based, but 
also the laws of quantum theory and wave mechanics. They are assumed 
to be applicable locally but at any time or place, so that the velocity of 
light, PiuancK’s constant, etc. are universal constants. *) The law of 
inertia of energy B thus really follows from C and it was only formulated 
separately for the sake of convenience. General relativity is introduced 
in the form of the forced expansion obeying equation (5) for the homo- 
geneous universe we consider. For small scale phenomena like con- 
densation of stars from gas, stellar structure, etc., gravity comes in by 
Newtonian theory, as is customary. Presumably these gravity processes 
are energetically not so important as to influence equation (5) seriously, 
being generally much less important than the energy freed in nuclear 
processes. ”) 

Consider now the empirical background. 

The dynamical principle A is mainly theoretical as a necessary con- 
sequence of the general theory of relativity and so not directly founded 
on observations. It requires either an expansion or a contraction, equi- 
librium being impossible, and so in a general way it is supported by the 
observed red displacement. 

Principle B is strongly supported by experiments on mass defects. 

As regards Principle C, one will not hesitate in applying the laws of 
nuclear processes over long periods of time, since one often observes in 
the laboratory half value periods of several times 10° years. In fact, such 
applications to stellar evolution lead to conclusions which in a general 
way fit the facts. The laws of thermodynamics, in the form of the principle 
of detailed belancing for instance, seem to be applicable to nuclear 
reactions. Processes used for the interpretation of O-associations by 
Oort *): condensation of O-stars from a nebula, with subsequent acceler- 
ation of gaseous clouds, etc., are all irreversible in the thermodynamic 
sense, and one never has clear evidence for processes violating the second 
law of thermodynamics. This insight of course was not nearly as clear 
when ToLMAN wrote his book in 1934. That the expansion of an element 
of the universe is a real physical one is in a sense borne out by the red 
displacement itself, since one can also look upon it as an adiabatic 
reversible expansion of the radiation. 

Altogether, Principles B and C seem to be well-founded. 

For all our applications we shall consider the volume element dV i.e. 
eV with its contents as submitted to a forced adiabatic contraction or 
expansion. With this understanding we are allowed to use the term 
“work done on or by the system 6V”. It is immaterial whether the rate 
of this forced expansion edV/dt is governed by equation (5), so that the 
dynamical principle A can also be modified as in Section 5. If p represents 

1) See also Section 7(c). 

*) See Section 7(b). 

3) J. H. Oorr, 1954. Bull. Astron. Soc. Netherlands 12, 177, No, 456. 
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the pressure, which consists of gas pressure as well ag radiation pressure, 
the work done by the system is epdV. Since its energy content is eH, 
and the heat added eQ=0 (7), the first law of thermodynamics for the 
volume element as a whole takes the form 
(8) di + pdV =0, 
where one can multiply with « if one really wants to refer to the volume 
element as such. Like was done in (8), we shall henceforth leave out the 
factor e and call H, V and M the “energy, volume and mass of the universe’. 
The equation holds for reversible as well as irreversible processes. With 
(6) and (5c) eq. (8) becomes 
(9) c’dM + pdV =0. 
This is equivalent to Lemaitre, 1946, eq.’s (5), (14). (See also Lemaitre, 
1931, eq. (5) where there is only radiation pressure). 

If the entropy content of dV is eS measured locally, one can apply 
the second law of thermodynamics in the form 
(10) a 
which expresses that for the adiabatic forced expansion the entropy 
content can only increase, or at the limit, when all processes are reversible, 
remain constant. This is equation (130.5) p. 323 of To~man (1934). 


4. Influence of pressure in the homogeneous universe on its expansion or 
contraction. Physical impossibility of reversing the motion at large 
density lumiting the space-time world in time 


We now come to the chief problem already referred to in the intro- 
duction: whether the universe in the sense of the four-dimensional space- 
time world is limited in time. It is a well-known old question of which 
many people were aware in the years about 1930. The two arguments put 
forward were very capably discussed by WuiTTaKER!) in 1946. The 
expansion argument is that a finite time back all extragalactic nebulae 
were contained in a small volume, so that one could consider this as the 
beginning of the universe or perhaps a creation. This still left open the 
possibility that before this instant the universe could have existed as a 
contracting one. This is to be discussed in the present section, while 
section 5 will deal with the other argument which is of a thermodynamical 
nature. 

The question at issue is: can the contraction of the universe be reversed 
at a small radius, say just before A in Fig. 1 or just prior to the origin 
in Fig. 2, so that it is followed up by an expansion? 

If there is no gas pressure or radiation pressure equation (9) shows 
that M is constant (dust universe). For the contraction dk/dt is negative 
in (5), but it cannot become zero, and its absolute value approaches 
infinity as R approaches zero, both for case 1 (w= +1) and for case 2 


1) Sir Epmunp WuirrakER, 1946. Space and Spirit. Nelson and Sons, § 37. 
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(w = —1), so that the motion cannot be reversed near R=0. Now one 
might perhaps think that one could hold the universe back when there 
is gas or radiation, as one could for a motion in ordinary mechanics. 
But this is not the case for the homogeneous universe of general relativity. 
In fact, let us modify the dust universe at a certain small radius f, at 
time ¢, by having a certain fraction f of the rest energy Mc? suddenly 
passing into radiation, which exerts the radiation pressure +) 


IM «5 
(11) t=4: p=blec=tye 


using (5a). This might be realized by having nuclear energy /J/c* passing 
into radiation. 
For the following adiabatic compressing (f>¢,) the radiation density 
and also the radiation pressure is proportional to 1/V* so that 
7*Is 


(12) i>t,, p=+f Me oa,” 


Equation (9) with (5a) now gives for the increase of mass 


R 74 R 
(13) AM={[dM=—- [Jf p,dV=+fU =z. 
Ri Vy 

We now have to substitute in equation (5) M+AM instead of formerly M, 
which makes the absolute value of dR/dt still larger, in fact for small R 
it now goes as 1/R, whereas formerly it went as 1/R"*. 

The conclusion is that the compression of the universe cannot be held back 
by the presence of radiation; it simply amounts to this that the com- 
pression of the radiation (Principle C) increases its energy and therefore 
its mass (Principle B), the latter by 4M, so that the absolute value of 
dR/dt becomes larger on this account (Principle A, equation (5)). The 
same applies qualitatively to any other pressure, whether one considers 
an ideal gas or even finally the compression of nucleons and electrons: 
to stop the compression of the universe so that it can be followed by 
expansion would require a high negative pressure, which seems to be 
physically excluded. 

The literal interpretation of this is that a homogeneous universe of the 
pulsating type (Fig. 1) can only be confined in time to one pulsation from 
A to A’, if we accept current physical laws and general relativity. By 
this is then even meant that the whole four-dimensional world of space, 
time, matter and radiation can only exist between two instants, near 4 
and near A’. 'To assume an extension beyond this would violate the laws. 
Similarly for a homogeneous universe of the expanding type (Fig. 2) the 
whole four-dimensional world can only exist from a time near t=0 on; 
to assume the existence of a contraction prior to this (the dotted line), 
though it is allowed by itself, would violate the laws, since these do not 
permit a reversal of motion near t=0. 

An alternative to this is that our physical laws should be drastically 

1) See also Section 7(a). 


297 


modified at the very large densities near the lower limit of contraction so 
as to permit a reversal of the motion there. 1) This line of thought advocated 
by Totman (1934, pp. 438, 439) will be pursued in the next section. 

It may be remarked that, in general relativity, radiation or gas pressure 
always hinders expansion and helps contraction of the universe as a whole, 
since the above considerations hold for any R,, not necessarily small. 
It is a very strange effect from the classical point of view, but nevertheless 
a straightforward and necessary consequence of general relativity. 


(To be continued ) 


*) Enystern (1946) mentions in a foot note a possible modification on the basis 
of a unified theory where the concepts of ‘‘gravitational field” and ‘“‘matter’’ are 
not separated. “It may be plausible that the theory is for this reason inadequate 
for very high density of matter. It may well be the case that for a unified theory 
there would arise no singularity.” 


ASTRONOMY 


ON THE PULSATING OR EXPANDING UNIVERSE AND ITS 
THERMODYNAMICAL ASPECT. Is 


By 


H. ZANSTRA 
(Circular No. 11 of the Astronomical Institute of the University of Amsterdam ) 


(Communicated at the meeting of May 25, 1957) 


5. Modified theory where reversal at large density is assumed possible. 
Thermodynamic behaviour (regeneration of nuclear energy) and argument 
for a beginning of a pulsating universe. Possible contracting stage 
preceding expanding universe 

In this section the thermodynamic behaviour of the two universe models 
will be considered, in particular the thermodynamic argument that the 
universe would be limited in time. 

The argument is usually given in a classical way for a universe at rest 
for a euclidean space filled with material systems and radiation. One may 
consider this as a closed system thermodynamically if it is approximately 
homogeneous, because then radiation or matter passing from one volume 
element to the other does not change the situation. In the future the 
entropy will then increase to its maximum value, the final thermal 
equilibrium where also life processes are no longer possible: the heat 
death of CLausrus. This does not constitute a limitation in time, the 
universe can go on existing throughout the future. But just like irreversible 
processes are taking place in the future, they must have been taking 
place in the past. Considering for instance stars as “furnaces” in which the 
“fuel” hydrogen is furnishing their radiation by passing into helium, it 
is not possible that this furnace has been burning throughout the past: 
at the initial stage of “one hundred procent hydrogen’”’ it has started. 
This classical argument cannot be considered satisfactory because the 
universe is not at rest. 

A more satisfactory treatment is to be made on the basis of general 
relativity. Since the thermodynamic argument is to be considered by 
itself we shall in this section permit that, in some way, by a modification 
of the laws, the universe can reverse its motion near the points of maximum 
compression, the alternative mentioned at the end of Section 4. So the 
three principles of Section 3 are to be applied with the additional modifying 
condition that such a reversal of motion at very large density is introduced. 

Following ToLman, we thus get, for the pulsating universe the succession 
of pulsations represented in Figure 3. The motion is there reversed at 
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A, A’, A”, which is assumed to be at an extremely small radius R, so 
that it cannot be shown in the figure. Principle A is considered applicable 
a little away from the reversal points, while Principle B and C apply 
throughout. If all processes in the universe were thermodynamically 
reversible, there could be thermodynamical equilibrium at any point 
and one would have a succession of exactly the same pulsation repeating 
itself, with Ciaustus heat death throughout. Actually processes are 
irreversible and each pulsation represents an irreversible adiabatic cycle 
(Principle C). There is a lag of pressure, the pressure being larger for 
compression than for expansion at the same radius, work is done on the 
system, OpdV is negative and A4M=6dM positive by (9), the mass of the 
universe is increased after each pulsation. This results in an increase of 
the maximum radius #,,=2K M/c? by (5) and an increase in the period 
by the same ratio, while the density at maximum decreases, being 
proportional to R* (Torman, 1934, p. 442). This is indicated in a very 
exaggerated form in Fig. 3. As regards the second law of thermodynamics 
(10), the entropy should keep on increasing, but since energy is pumped 
into the system all the time this removes ‘“‘the restrictions previously 
imposed by the classical principle of energy conservation on possible 
increase in entropy” (ToLman, 1934, p. 328). In other words we obtain 
the very paradoxal result that on account of the irreversibility of processes. 
Clausius’ heat death is then avoided in the sense that at the beginning of each 
new pulsation a new start can be made, but in this one should not forget 
that the period gets longer and longer. This can be seen more easily in 
concrete examples avoiding the rather abstract idea of entropy, as will 
be done in the following. 

To be more concrete let us consider a situation roughly corresponding 
to that in our universe according to more recent theoretical developments, 
making for the present purpose the assumption of the pulsating universe. 
Let the present cycle start at A in Fig. 3. All authors agree that, in order 
to get an insight in present abundances, one should assume at A only 
protons or neutrons present eventually with addition of radiation. The 


A 0 ——> t A A 
Fig. 3. Pulsating universe: subsequent pulsations if reversal at points of maximum. 
density A, A’, A” is assumed possible. 


300 


number of nucleons in the universe, apart from occasional pair formation, 
is considered constant, in line with present physical ideas. Let us further 
simplify the picture in such a way that radiation is produced in matter 
(stars) by nuclear reactions for most of the cycle, and let the present 
instant be represented by P at Ry and fy. This production takes place in 
the stars of the galaxies, the available matter of mass M,, and we may 
take it that at present (P) about 10 per cent of the available hydrogen 
has been used up from A to P producing radiation, while after that, 
from P to M or beyond, considerably more will be used up in the same 
manner. This radiation from A to P will be at P, energy e,, the equivalent 
of 10 % H reduced to a factor of about one half by adiabatic expansion 
and the same amount will be at Q since it does not change in the cycle 
PMQ. But radiation produced after P will generally be in a compressed 
state. (A proportional to R, energy proportional to v or 1/R, See Section 7a) 
and altogether one may assume at @ the radiation equivalent of about 
50 % H passed into helium, that is e,=10e,=0.0035 M,c®. So the dif- 
ference in energy content H# (all energies including rest energy) is 
Eg — Ep=g—ep= %p. 

From Q to A’ this is further adiabatically compressed and then the 
second cycle starts, in which we consider the point P’ at the same radius 
as P. Now various irreversible processes take place so that QA’P’ is an 
irreversible adiabatic cycle and thus the total energy content H,, at P’ 
is at least=H,=H,+ 9e,. So after every pulsation the energy content of 
the universe H, has increased by at least 9e, and the mass M by at least 
9e,/c? or 0.00315 M, for P and with different amounts for other points. 
This is Tolman’s first result in a form which enables also to estimate the 
order of magnitude of the effect. It should be remarked that the increase 
in energy content from P to P’ is not necessarily in the form of radiation 
but might also go into kinetic energy, thermal or otherwise of the sub- 
stratum. 

Since the minimum radius at A’ is assumed extremely small, the 
compression from @ to A’ results in a complete regeneration of nuclear 
energy, as follows. At first the compression of radiation results in a large 
radiation temperature and then all matter also passes into high tempera- 
ture gas, which is further compressed adiabatically by which the tempera- 
ture rises still further. So at A’ the temperature can be expected to be 
extremely high, so that all nuclei are smashed up into nucleons in a 
similar way as is seen in the star-like tracks for cosmic rays in the Wilson 
chamber. One then has at A’ a proton-electron gas of extremely high 
temperature with radiation. The time is very short so that perhaps one 
actually has not thermal equilibrium, but at any rate one has come back 
to the state of one hundred percent hydrogen. This is T'olman’s second 
result in a concrete form: the new cycle A’A” starts afresh and so the 
heat death might possibly be avoided. 

Since the number of nucleons remains constant, the amount of hydrogen 
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“fuel” for the second pulsation is the same as for the first. Though there 
is other extra energy this is not in nuclear form. 

Let us illustrate this numerically. At Q the radiation energy is 
€g= 0.0035 M,c?, its density w= 0.0035 o,c? with the density of available 
matter that present in galaxies e,=10-*! (Section 2). With Stmran’s law 
u=7.55 x 10-7 the effective radiation temperature is then 71,=2.5°. 
For adiabatic compression of radiation wu ~ R-*~7T* or T, ~ R-, so 
that for the compression ratio R,/R=4 x 10! we get 7',=101 degrees, 
so that kT’ is about 10’ electron volts or mass defect 1/100, which seems 
to go a good way towards smashing up of nuclei. The density of matter is 
0=0)(R,/R)? = 6400 if gj7=10-* (See under Fig. 1). At this stage the 
radiation energy is still greatly in excess of the thermal energy of the 
gas, and radiation pressure predominates over the gas pressure. The 
mass M has increased enormously by the compression, so that the approxi- 
mation of constant mass which holds well considerably before the present 
moment, has broken down completely. The composition of the radiation 
does not matter for the radiation pressure, it can be modified by absorption 
and re-emission by solid particles, and is not thermal initially, though 
it is assumed so finally at the high density. 

We now come to the thermodynamical argument that the universe if of 
the pulsating type could not have existed prior to a certain time. 

In Gamow’s treatment neutrons and radiation are assumed present 
initially rapidly passing into hydrogen and then into heavier elements 
in a subsequent pre-stellar state. When then stars are formed the carbon 
required for energy production by the carbon cycle is thus present. 

Recently various authors have developed theories starting from 
hydrogen at rather low temperature with but little radiation. By gravi- 
tational attraction stars are then formed inside of which the proton- 
proton cycle produces the energy for their radiation and various more 
heavy elements are formed. Such a first generation star is then assumed 
to end up as a supernova spreading its matter into interstellar space and 
then another generation can follow with still heavier elements produced. *) 
For our argument we shall make this assumption of low temperature 
hydrogen at A in Figure 3. The theories then show that further development 
to the present state P could take place and if we assume the pulsating 
type the development may well go on in the general way we outlined 
with regeneration to hydrogen at the points A’, A”, etc., where each time 
a substantial amount of radiation due to the pulsation is added. Granting 
all this, can there have been a pulsation previous to the present one? 
Evidently not. Because assuming a past prior to A, there must then have 
been one hundred percent hydrogen without much further thermal 
energy and radiation. This would then have been a pulsation A_,M_,A 
for a universe of constant mass (Section 2) in which no physical processes 


1) See J. L. GREENSTEIN, 1956. Publ. Astr. Soc. of the Pascific, 68, 185, pp. 196, 
197. 
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could take place. But this cannot be, since if at the point A_, there were 
hundred percent hydrogen, this would develop into an ordinary universe 
with physical processes, similar to the present. In other words: since at 
each reversal point a substantial more or less fixed amount of radiation 
is added, there cannot have been a whole pulsation prior to the reversal point 
where the radiation is less than this fixed amount. Instead of this strict 
formulation it is perhaps preferable not to start halfway a pulsation, and 
then the start is at maximum compression with radiation content zero. 

Though from the observational point of view the chances for a pulsating 
universe seem at present rather slight (See Section 2), its treatment gives 
a fairly deep insight in the principles at work as we hope to have shown 
in the foregoing. It was given a prominent place by TOLMAN. 

For the expanding universe Fig. 2 may serve, though again close to 
the origin the mass might be no longer approximately constant. As regards 
physical processes for the expansion, this would be started about t=0 
in a similar way as discussed for a pulsation, and condensation into stars 
and energy production by nuclear processes would proceed more or less 
similarly. But it keeps on expanding adiabatically and irreversibly at 
a finite rate: both radiation energy and gas kinetic energy would be 
reduced by this expansion, so that, as ¢ approaches + co, these would 
be both infinitesimal as compared with the rest energy, while all densities 
would approach zero. If reversal about t=0 is assumed possible, it may 
also have existed as a contraction universe throughout the past, the dotted 
line in Fig. 2. As ¢ approaches —ov, there can only be an infinitesimal 
amount of radiation energy and gas kinetic energy as compared with the 
rest energy, otherwise the energy content would become infinite at finite 
radii by the adiabatic compression. One could start for instance at t = —oo 
with no radiation or gas kinetic energy but 100 °%% hydrogen in the form 
of completely ionized hydrogen or neutral hydrogen atoms or neutral 
hydrogen molecules in their lowest stage or hydrogen crystals; only in 
the latter case one could speak of thermal equilibrium at the absolute 
zero. Then as compression progresses one might have stars condensing 
in a certain measure at finite R and radiation produced by the proton- 
proton reaction. Thus, with regeneration of nuclear energy, the universe 
would start its expansion near t=0 with 100 % hydrogen plus a certain 
amount of radiation and thermal energy, much less however than in the 


case of a pulsating universe where radiation was produced much more 
abundantly. 


6. Philosphical desires as regards the universe. 
Conclusion 


It is a fact that one usually shows a strong a priori preference for 
certain principles which are then often called philosophical principles or 
knowledge a priori. It is also true that in the past such principles often 
had to be given up on account of new facts or improved theoretical insight. 
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Examples are the principle of constancy of mass, which does not hold for 
velocities comparable with that of light, the principle of causality limited 
by the Heisenberg indeterminacy and euclidean geometry which holds 
no longer in the theory of general relativity. Often the old principles are 
still of much value as approximations and they only break down under 
very extreme conditions. Thus forced to do so, one only gives them up 
with regret, since from the point of view of a system of knowledge they 
were preferable to the new ones: a constant mass gives a simpler equation 
of motion than a variable one, a strict determination of events is preferable 
to indeterminacy, and the rules of euclidean geometry are more prefect 
than those of a space of variable curvature. If this procedure, admittedly 
pragmatic, is made conscious, we admit a strong preference for and belief 
in certain principles because they give a rather perfect system of knowledge 
or a rather perfect world picture, at the same time admitting that, if they 
are conclusively proven to be contrary to the facts, one should give 
them up. The term “philosophical principle” or ‘“‘a priori knowledge”, for 
this preference is not a satisfactory one and it seems better to speak of a 
philosophical desire. The test of such a philosophical desire is whether one 
would prefer it to other alternatives. In passing on to suggest a formulation, 
we also include as such a desire the avoidance of CLausius heat death: if 
one has to choose between a universe which runs down to a final state of 
thermal equilibrium and a universe where regeneration of energy takes 
place either continually or periodically, one certainly would choose the 
latter. Provided, of course, observation permits. 

We would formulate as some of our philosophical desires as regards the 
universe : 1. that the space-time world would exist for all tueme throughout 
past and future, 2. that the universe would keep itself gong not ending 
up in a state of thermal equilibrium but be regenerated continually or 
periodically and 3. that it does not change secularly so that, over a very 
long interval of time it shows the same average aspect. 

These philosophical desires, which give a permanence and constancy 
of properties to the universe denied to human beings as such, are quite 
legitimate ones: it goes against one’s pre-conceived ideas to have a 
perishable universe. They are the first working hypothesis one should 
try. In fact, ErysTExn in his 1917 theory, made the even more stringent 
hypothesis of a static universe, which everyone thought plausible at that 
time, but it had to be given up because of the observed expansion. 

Using the results of the previous sections we aim to discuss them in 
an objective manner. 

The pulsating universe based on the laws of physics and general relativity 
without modification (Section 4) consists of one pulsation from A to A’ 
(Fig. 1), so that condition 1 is not satisfied. But, since the universe has 
a finite life being born at A and ending its life at A’, the other two con- 
ditions, which really presuppose an infinite life, lose their significance. 

The pulsating universe with reversals (Section 5) starts at A (Fig. 3) 
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with 100 °% hydrogen and goes on forever with regeneration of nuclear 
energy at each reversal (A’, A’’, etc.) with a secularly increasing radiation 
content and amplitude. So only condition 2 is satisfied. 

The expanding universe based on the laws of physics and general 
relativity without modification (Section 4) starts near t=0 (Fig. 2). 
There is no regeneration of energy and it goes on expanding forever, so 
that none of the three conditions is fulfilled. 

The expanding universe preceded by a contraction, between which a 
reversal is assumed possible (Section 5), starts at t = —ce (Fig. 2), reverses 
near t=0 and then goes on expanding forever. So condition | is satisfied, 
but condition 3 is not. Nor is condition 2, though near t=0 regeneration 
can take place. 

The conclusion is that, considering the various possible cases, only 
one of the three philosophical desires can be satisfied if reversal is assumed 
and none under ordinary laws. 

It is to be hoped that the foregoing may do something in providing a 
detached view for the problem at issue, where on the one hand certain 
philosophical desires are too dogmatically adhered to, on the other hand 
the arguments against some of these desires are put in a too simple form. 


7. Remarks 


(a) Reversible processes at a finite rate (TOLMAN). Expansion and 
compression of radiation. Can one use a homogeneous model? 

For an ideal mono-atomic gas enclosed in a cylinder impervious to heat of 
which the piston moves at a finite rate, the pressure on the piston is smaller 
than the equilibrium value for an expansion and larger for a contraction. Lf 
the piston has come back in its original position work is thus done on the 
system and the process is irreversible. For a similar model of a homo- 
geneous universe, filled with a mono-atomic ideal gas, each volume 
element expands at the same rate, there is no pressure difference of 
various parts and the process is reversible, though at a finite rate: a 
very interesting result (ToLmMan, 1934, p. 319, § 130). The same holds for 
a homogeneous universe filled with black body radiation. 

More generally, for a homogeneous universe where matter is transformed 
into radiation or vice-versa, the work {pdV is done by the radiation of 
the system, while p=+4u, where one may also, if one wishes, introduce 
an effective temperature by w=a7"t. The result depends on the density 
and not on the composition of radiation and the procedure of Sections 4 
and 5 is correct. 

One might object here that the radiation is produced by discrete 
sources, first by stars within each nebula and then, taken together, by 
nebulae as such, and that it only becomes homogeneous when it gets to 
a distance where the next descrete source (nebula) is found. For this 
preliminary stage prior to homogeneity the quantum merely gets a little 
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redder and it hardly makes any difference to the work done whether one 
considers the quanta to originate homogeneously in space or in spots. 


(b) Gravity in connection with energy. Small scale phenomena. 

From the equations of general relativity ErnsrErn derived an equation 
expressing that the ordinary divergence of the sum of material tensor 
density and gravity pseudo-tensor density vanishes. It is equation (87.14), 
Totman, 1934, p. 224 or equation (406), p. 740 in Pauut’s Encyclopaedia 
article of 19211). The gravity pseudo-tensor is then linked up with the 
energy and momentum of the gravity field, but this interpretation leads 
to great difficulties, which were treated by Pavtt in a critical discussion 
of literature. He concludes on p. 742: “The meaning of equation (406) 
hes only therein that it enables to compute in a simple manner the material 
energy of a closed system.”’ 

This seems to be illustrated by the behaviour of the pulsating universe 
with reversals of our Section 5, where energy is pumped into the system 
and the energy content and mass of the universe increases with each 
pulsation. So, as was stated in Section 3, one really cannot say that the 
law of conservation of energy applies to the universe with its content of 
matter as a whole. 

But for small scale phenomena it would of course be absurd to deny 
that the law of conservation of energy usually includes gravity with a 
high degree of accuracy. JouLE’s determination of the mechanical equiv- 
alent of heat is based on the gravity potential energy of the falling weights 
passing into thermal energy of the water in the calorimeter. In the case 
of a star of mass M condensing out of a nebula the energy which has been 
freed from gravity at a radius R is ~K M?/R by Newron’s law, where « 
is a factor of the order unity depending on the mass distribution. One then 
rightly considers this to pass into internal energy of the star and radiation. 
But this is only an approximation. Assume, for the sake of argument that 
no radiation escapes. Then the original mass M is increased by an amount 
of the order AM=aKM?/(c*R) by the law of inertia of energy. But this 
increased mass acts back as gravitational mass and gives a corresponding 
extra energy. The law of conservation of energy in the ordinary sense 
holds therefore with an accuracy 4M/M, which is 2 x 10-* for the sun. 
It has broken down for small scale phenomena when AM ~ M, or 
Mc? ~ «KM?/R, that is when the rest energy is of the order of the gravity 
energy. For ordinary applications this does not occur but it may be well 
to keep in mind, especially for strong central condensation, where « may 
become large. 

The case of the universe as a whole was somewhat similar; upon con- 
traction the work done on the radiation content increases its inertial 
mass and so its gravitational mass, but here the analogy ends: the case 


1) W. Pauti Jr., 1921, Relativitaétstheorie, in the Enzyklopidie der mathe- 
matischen Wissenschaften, V, 19, Teubner. Also as a separate issue. 
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of a stellar condensation, which has been very roughly indicated above, 
should be treated by itself. 


(c) Measures of length and time and the principles of universality and 
equivalence. Expansion of the universe and dimensions of systems. 

It has been stated under Principle C of Section 3 that for a homo- 
geneous expanding or contracting universe all physical laws hold locally. 

As far as the influence of gravity is concerned this may be looked upon 
as a special case of ErnsrErn’s principle of equivalence, originally formu- 
lated for homogeneous gravity fields. For the general case of non-homo- 
geneous gravity fields, Pautr (1921, p. 705, § 51) formulates it as follows: 
“For an infinitely small world region (i.e. such a small world region that 
the spatial and temporal variation of gravity can be neglected within it) 
there is always a coordinate system 4A,(X,, X,, X;, X,) in which there 
is no effect of gravity, either on the motion of mass points or on whatever 
other physical phenomena. Briefly stated, in an infinitely small world 
region any gravity field can be transformed away. One may think this 
local coordinate system realized by a freely moving sufficiently small box 
which is subject to no other forces but gravity and which is therefore falling 
freely.” 1) Four-dimensionally the world line of the observer in the box 
is therefore a geodesic. The system of coordinates Ky in which the obser- 
vations are made is cartesian and the 4-dimensional line element ds 
between two neighboring world points is given by 


(14) de?=d.X?2+4dX24+dX2—dX3. 


The measuring rods and clocks measure the spatial distance with com- 
ponents dX,, dX, and dX, and the local time interval dt given by dX,=cdt. 

One may join the principle of equivalence to the principle of the uni- 
versality of the laws by saying that Ky may be anywhere in the space-time 
world, so that no differences are noted by the various freely falling 
observers wherever they are and whenever they observe. This is understood 
from now on. Both principles may be considered as philosophical desires 
in the sense of Section 6 and they have stood up well thus far. 

In Ky all ordinary laws are valid, not only those of special relativity 
and electromagnetic theory but also those of quantum theory, so that 
c, m, e and hf are universal constants. But the laws give also the units for 
measurements: as the unit of length one might use the unchangeable 
radius of the smallest Bohr orbit, ¢ =h?/(422me2) and as the unit of time 
the reciprocal of the frequency of a hydrogen line, and as the unit of 
mass the electronic mass m. *) But since the properties of crystals are also 
given by theory it is more practical to use crystals as measuring rods, 


1) See also Torman, 1934, p. 175. 

*) Measures as radius and frequency of an atom are not only constant but 
universal, so that the unit can be reproduced anywhere in the 4-dimensional world. 
According to the definition given by the writer (H. ZaANsTRA, 1946, Physica, 12, 301) 
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what one does in principle using the platinum standard metre and 
vibrating crystals for time measurement, in fact a quartz clock. This is 
of course well realized but the foregoing shows it as a consequence of the 
principles of universality and equivalence. Reduction to free fall for a 
measuring rod is of course made by corrections for elastic deformation 
under the earth’s gravity. 

The quantum theory by the quantum conditions pdq=nh and frequency 
relation AW =hy forces constant dimensions and frequencies on atoms or 
indirectly on crystals which so do not partake in the expansion of the 
universe. Naturally no such conditions are forced on double stars or 
spiral nebulae. One may remark that the dimensions of the latter should be 
somewhat influenced by the gravity field due to the universe ag a whole. 
This influence would become larger for double or multiple extragalactic 
nebulae and of course it is roughly the expansion of the universe for 
the mutual distances of detached nebulae. 


(d) Remark on continuous creation. 


At first sight theories of HoyLzE and others where matter is continuously 
created might seem to satisfy the philosophical desire number 3 of Section 
5: no secular change. This however is not the case since the amount of 
matter in an expanding volume element increases secularly. It is true 
that in such theories the large scale aspect of the universe is independent 
of the position of the observer and time, but our knowledge deals not 
only with what is directly accessible but also to what one can infer, and 
then the content of matter of the universe increases secularly. 


Notes added in proof 

For Section 5. For the pulsating universe with reversals at A, A’, A”, 
etc., Professor H. P. RoBperrson kindly pointed out to me that it has 
not been strictly proved that the energy and entropy increase without 
limit, neither in the present paper nor in Tolman’s original derivation. It 
is therefore better to state that for this case CLausius heat death might 
perhaps be avoided. According to him this question might depend on the 
model and the nature of the irreversibale processes. For the special model 
we considered, regeneration of nuclear energy may take place at the 
reversal points as stated, but since the energy content of the universe 
increases in subsequent cycles, this nuclear energy gets relatively less 
important as the succession of cycles progresses. 


For Section 7 (d). For special relativity the necessity of including the 
quantum theory was put forward by W. F. G. Swann, 1941. Rev. Mod. 
Physe.13,- 197; 


they can be called absolute units in the sense that their introduction results in 
a maximum of simplicity in the formulation of the laws of physics. ; 

The principle of universality of the laws includes the law of gravity which 
determines the curvature of space-time, and so the gravity constant K is also a 
universal constant measurable in terms of the units of length, time and mass 
used by the observer Ky. 


CHEMISTRY, ORGANIC 


SYNTHESIS OF MONOBENZYL ESTERS OF PHOSPHATIDIC ACIDS 


(preliminary communication) 
BY 


P. E. VERKADE, L. J. STEGERHOEK, M. A. HOEFNAGEL, 
anp J. W. GIELKENS 


(Communicated at the meeting of May 25, 1957) 


In a recently published preliminary communication VERKADE, STEGER- 
HOEK, and Mosrert!) described the synthesis of monophenyl esters of 
phosphatidic acids (I) by partial hydrogenolysis of the corresponding 
phenyl benzyl esters with hydrogen in the presence of a palladium /active 
carbon catalyst, e.g. according to VERKADE, COHEN, and VROEGE *). 

Although this is an elegant method, it unmistakably has certain dis- 
advantages. In the first place the synthesis of silver phenyl benzyl phosphate 
required for the preparation of the necessary phenyl benzyl esters is 
rather cumbersome. Secondly, the R-O linkage must not be liable to 
hydrogenolysis under the desired experimental conditions. Thirdly, the 
group R must not be reducible under these experimental conditions; the 
phenyl benzyl esters to be started from must not, for example, contain 
unsaturated fatty acids (oleic acid and the like) as component acids. 


OPI OCH,Ph _OCH,Ph 
ROKK ROE Paty RO—PCO” P 
© OH Q SOCH,Ph o OH 
I I rae 


We are now able to describe a synthesis of monobenzyl esters of 
phosphatidic acids (II1) which does not involve the above-mentioned 
disadvantages. It consists in the partial debenzylation of the corresponding 
dibenzyl esters (Il) by the method of Zervas and Diiarts *). When such 
a compound is boiled in acetone solution with sodium iodide, even with 
a considerable excess of the latter substance, only one benzyl group is 
split off in the form of benzyl iodide, and the sodium salt of the monobasic 
acid, the monobenzyl ester III, is formed. 


It is only by way of example that the compounds VIII and IX (My= 
myristoyl, Pa=palmitoyl) will be considered somewhat more in detail 
here. The starting products for their preparation were the acyl-iodohydrins 

1) P. E, Verxape, L. J. SteGERHOEK, and S. Mostrertr Pzn, Proc. Koninkl. 
Nederland. Akad. Wetenschap., Series B, 60, 147 (1957). 


*) P. E. Verkapg, W. D. Conen, and A. K. Vronas, Rec. trav. chim. 53, 1134 
(1940). 


*) L. Zervas and I. Dinaris, J. Am. Chem. Soe. 77, 5354 (1955). 
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IV and V. When perfectly dry silver dibenzyl phosphate, which is 
readily accessible 4), reacts with the said substances in a boiling neutral 
solvent, usually dry benzene, the corresponding dibenzyl esters of 
phosphatidic acids VI and VII are formed in yields of 80-90 Ye. 


OCH,Ph OCH,Ph 
CHE CH.0—P : = 2 
| : = . Ee ea oe roe. POH 
CH,OMy CH,OMy CH,OMy 
IV VI VII 
OCH,Ph OCH,Ph 
CH,I CH,O—P¢ 2 CH,O—P - 
ie |_~—- 9 OCH,Ph 0 eC OH 
CHOPa => os —> CHOPa 
CH,OPa CH,OPa CH,OPa 
Vi VII x 


When solutions of the compounds VIand VII and anhydrous sodium iodide 
in the molecular ratio of 1 : 1.1—the use of a greater excess of the latter 
substance, in fact, appeared to produce substantially the same results — 
in 4 to 8 times the weight of dry acetone are boiled for about 2 hours, 
no outwardly perceptible change takes place. However, when the solutions 
are stored at — 5°, a plentiful quantity of the sodium salt of the compounds 
VIII and IX will gradually separate in the crystalline state. The crude 
sodium salt obtained by filtration is dissolved in 40-80 times its weight 
of warm acetone (or some other appropriate solvent), upon which the 
solution thus obtained is boiled under reflux for a few hours, while 
vigorously stirring, with amberlite (IR-120H); about 3 g of amberlite 
per g of sodium salt treated is used. From the filtrate the corresponding 
acid, 7.e. a monobenzyl ester, can easily be isolated in the crystalline 
state. Referred to the dibenzyl esters VI and VII used as starting 
products, the yield of the compounds VIII and IX amounted to 70-85 %. 

Too short a treatment of the sodium salt with amberlite or the use 
of too small a quantity of the latter may result in the isolation of a 
comparatively poorly soluble acid sodium salt (IX), which contains one 
atom of sodium for every two molecules of the acid, i.e. the monobenzyl 
ester. The literature contains a number of data about acid salts of mono- 
esters of phosphoric acid (X), which are also derived from two mole- 
cules of the acid and one molecule of a monovalent base and are thus 
clearly related to the acid sodium salts which concern us at present. 
Here it will suffice to refer to the respective papers °). WAGNER—JAUREGG 


4) L. W. Husset, I. D. Morton, A. R. Topp, and P. EK. VERKADE, Rec. trav. 
chim. 73, 150 (1954). 

5) R. S. Treson, J. Biol. Chem. 120, 621 (1937); T. WaGnER—JAUREGG and 
A. WizpERMuTH, Ber. 77, 481 (1944); I. R. Hunter, R. L. Ropers, and H. B. 
Kester, J. Am. Chem. Soc. 70, 3244 (1948); O. M. Frrepman and A. M. SELIeman, 
J. Am. Chem. Soc. 73, 5292 (1951); J. H. vaw DER Neut, J. H. UHLENBROEE, 
and P. E. VerRKADE, Rec. trav. chim. 72, 365 (1953). 


21 Series B 


310 


and WiLpERMUTH, and later on FRIEDMAN and SELIGMAN, devoted a 
short theoretical discussion to the composition of these salts ®). The fact 
now discovered by us, viz. that diesters of phosphoric acid behave 
analogously to monoesters (formulae X and XI), should be able to 
promote a correct formulation of the acid salts in question. 
LOH OH OR, OR, 
RO—FK ona : BO—PK oH R,O—P: ONa’ R,O—)l\ on 
O O O O 
x XI 


It is to be noted that the monodebenzylation of dibenzyl esters of 
phosphatidic acids according to Zprvas and Diaris *), briefly described 
above, in our experience is decidedly to be preferred to the related method 
of Chark and Topp”), according to which the dibenzyl ester is heated 
with lithium chloride in ethoxyethanol (‘‘cellosolve’’) at 100°. 

We have naturally also attempted to bring about the monodebenzylation 
by partial hydrogenolysis of the dibenzyl ester with hydrogen in the 
presence of a platinum or palladium catalyst, but so far without any 
success. There is thus no sense in discussing the respective experiments here. 


The monobenzy] esters of phosphatidic acids of types VIII and IX hitherto 
prepared by us are colourless substances, which crystallize readily from 
suitable solvents or mixtures of solvents. When moisture was excluded, 
they proved to have very good keeping qualities. The results of the 
analysis left nothing to be desired. 

The compounds in question have sharp melting points. This applies 
also to the monobenzy] esters of type LX. This fact may undoubtedly be 
interpreted to imply that also the monobenzyl esters of the latter type 
obtained by us are homogeneous. It is important to stipulate this, since, 
if an asymmetric phosphorus atom is present in these monobenzyl 
esters, upon treatment of the dibenzyl esters of type VI1—which 
already contain an asymmetric carbon atom—with sodium iodide, ete. 
the formation of two diastereoisomeric monobenzyl esters, each a racemic 
mixture or a racemic compound of two optical antipodes, might be 
expected. In this connection we refer to a brief discussion of the stereoche- 
mistry of the corresponding monopheny] esters in the paper by VERKADE, 
STEGERHOEK, and Mostrerr?) already cited; the remarks there made 
naturally apply unchanged to the monobenzyl esters of type IX. 

Upon titration in alcoholic solution with dilute aqueous alkali hydroxide, 
using phenolphthalein as indicator, the substances behave as monobasic 
acids; the equivalent weights found were in very good agreement with 
those calculated. 


*) Compare also G. M. Kosonaporr, J. Am. Chem. Soe. 74, 3427 (1952). 
7) V. M. Crark and A. R. Topp, J. Chem. Soc. 1950, 2030; J. Lecoce and 
A. R. Topp, ibid. 1954, 2381. 
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When the monobenzy]l esters, dissolved in dioxan, are shaken at room 
temperature with hydrogen under slightly more than atmospheric pressure 
in the presence of a palladium/active carbon catalyst according to 
VERKADE, CoHEN, and VrRoEGE?) or HESSEL, Morton, Topp, and 
VERKADE *), 1 mole of hydrogen per mole of ester is very rapidly absorbed 
and the corresponding phosphatidic acids are obtained in a very good 
yield. The reaction products were found to be identical with those which 
are formed upon complete hydrogenolysis of the corresponding dibenzyl 
esters, as was not to be otherwise expected. 


Starting from the monobenzyl esters, colourless silver salts can be 
obtained in very good yields, either by treatment of an acetone solution 
of the ester, 7.e. the monobasic acid, with an aqueous solution of silver 
nitrate or in the more conventional way, via the sodium salt. The silver 
salts can be very readily recrystallized, for example from acetone. These 
salts are very stable, even when exposed to light. 

The monobenzyl esters of phosphatidic acids and the silver salts derived 
therefrom are suitable starting materials for further syntheses 1). 


Laboratory of Organic Chemistry, 
Technical University, Delft, 
Netherlands 


ASTRONOMY 


SOLAR WEIGHTING FUNCTIONS. I 


BY 


H. HUBENET 


(Communicated by Prof. M. MrnnaErt at the meeting of May 26, 1957) 


Introduction and summary 

The importance of the determination of the chemical composition of 
celestial bodies is generally recognized among astrophysicists. The present 
paper deals with the influence of our incomplete knowledge of the solar 
atmosphere on the accuracy of the determination of the chemical compo- 
sition of the outer parts of the sun. Apart from the observational errors 
in the spectrophotometric data the accuracy of stellar abundance determi- 
nations is restricted by: 1. Uncertainties in the available atomic transition 
probabilities (or gf-values). 2. Our incomplete knowledge of the conditions 
prevailing in the stellar atmospheres. The general impression is that 
the first factor is by far the most important one, therefore our efforts: to 
investigate the influence of the second point need some justification. 
The first reason is that uncertainties in the used gf-values do not play a 
role when we want to detect differences in compositions of various stars. 
As a matter of fact after a period of neglecting the differences in composi- 
tion these are now recognized as very important in problems concerning 
the origin of the elements and stellar evolution. A second reason may be 
that though at this time better gf-values are most urgently needed, it is 
hoped that as to this point in future the situation will improve. 

As a basis for a refined analysis of the composition of the sun, weighting 
functions and other characteristics of the photosphere are ascertained 
and tabulated. In Paper I[1] such functions were computed for model solar 
atmospheres with various temperature distributions and various chemical 
compositions. The temperature distributions were given as functions 
B(T)) (A= 5040/7’, t>-optical depth for the continuous radiation at 2 5000). 
The chemical compositions were described by means of 2 parameters A 
(the inverse metal content NVy/Ni,) and B (abundance of helium relative 
to hydrogen Ny,./Ny). The assumption was made that on the average 
every metal atom is singly ionized and that only the negative hydrogen 
ions and the neutral hydrogen atoms contribute to the continuous 
absorption. 

In order to investigate in how far these assumptions are allowed, we 
carried out similar computations using the tables and graphs from 
Rosa [2] and VirEnsE [3]. These authors computed among other quantities 
p/P. (p-total gas pressure, p,-electron pressure) and x/p, (x-continuous 
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absorption coefficient per gram) in their dependence on # and p,; the 
computations were carried out for a mixture of stellar material of a 
composition after Unséld. This ‘“Unséld mixture” is composed of 14 
elements and has an inverse metal content 4 =5000 and a helium content 
£B=0,18; for more details we refer to Rosa lI.c. Rosa and Vitense analysed 
in detail the contribution of the metals to the electron pressure, respectively 
to the absorption coefficient; therefore their graphs allow a higher accuracy 
than can be obtained when the above mentioned simplified method is ° 
followed. A disadvantage is that the helium and metal contents are 
fixed and that the influence of a change in A and B cannot easily be 
investigated. 

For comparison with the results in Paper I, computations were now 
carried out for the average model solar atmosphere as adopted in Paper I, 
using the Rosa and Vitense graphs. 

Checking the computed intensity of the outward going radiation with 
the observations we found that our model gave slightly too low values. 
A satisfactory agreement could be obtained by correcting the values 
of # uniformly over all layers by an amount —0,013; this corresponds 
with an increase of the temperature with 44° K for an optical depth 
T=0,001 and with 155° for t,=5. In addition to the characteristics 
tabulated for the other models we tabulated for this corrected average 
model the weighting functions hj(t)) for the wavelength range / 3500- 
4 8000 with intervals of 500 A.U. These tables are intended to be ready 
for use when applying the method of the weighting functions. 


Computations 
1. Electron pressure 
From the equation of the hydrostatic equilibrium and the definition 
of the optical depth it follows that 
(1) i pan 


%o 
(g-surface gravity of the sun, x)-continuous absorption coefficient per 
gram at A 5000). 
Analogous to BARBIER [7] (see also CiuAAs [4] (page 11)) we derive 
from equation (1) 


(2) p=V29f 2 dey 


When a temperature distribution #(t,) is given, this equation can be 
solved by an iterative process as follows. For a given chemical composition 
the ratio p/x is a function of # and p only, it can be found by means of 
Rosa’s graphs of log (p/p.) and Vitense’s graphs of log (x,/p,). Conse- 
quently if we provisionally assume a pressure distribution p(t), it is 
possible to determine p/x, for every value of 1); then we can compute 
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by means of equation (2) a new approximation of the pressure distribution. 
After determining the total gas pressure p, the electron pressure p, can 
be found from p and the ratio p/p, as given by Rosa. 


2. The optical depths 
The optical depth rt for continuous radiation at wavelength 2 can be 
found from 


(3) t= J = dtp. 


Vitense gives log (x/p,) as a function of the wavelength for various 
values of # and p,. Since # and p, are known for every value of 1, the 
ration x/) can be found as function of t) and t can be determined. 


3. The weighting functions g, (Tp) 


The absorption weighting function for the centre of the solar disc is 
given by (cf. Paper I, equation (4)) 


iB e-tdr— Bye-* 
(4) fe on 
J Bye-tdr 

0 

(B,-Planck function). 


By partial integration of f Bye-*dt we find from (4) 


oo 
fe-"dB, 


Tt 


— 
OL 
— 


ND ad eae eee eon 
[e-*dB,+Bi(r=0) 
When computing the weighting function equation (5) gives more 
accurate results than (4) because fB,e-tdr and B,e* are almost equal 
Tt 


to each other for the higher values of t. 


4. The weighting functions hj(t)) 
Neglecting helium Craas l.c. derived 


(Cuaas (8))  W,=5,28-108-22f- f hg(tq)- 22 -dty 
0 H 
(W-equivalent width in mA, wavelength in A.U., f-oscillator strength, N,- 


number of atoms in the initial state of the transition, Ny-number of 
hydrogen atoms), where h(t )) was defined by 


(CLaas (4) and (3)) hy (4) = 2 (To) _ 91 {t(To)} 


Xo Xo 


It seems convenient to generalize the definition of the weighting function 
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in such a way that Claas’ equation (8) can be retained for the case that 
helium is present. Therefore we write: 


/ N- 
(6) Ba (Co) = Syn Pa (To) 


(Ny-number of hydrogen atoms per em?, my-mass of a hydrogen atom, the 
summation has to be taken over the elements that make up the mixture 
of stellar material), then we have (analogous to Claas’ equation (8)) 


(7) W,=5,28-108-12f- [ hj (t9)- Hedy 

For “Unséld mixture’ we find (Nymy)/XNama = 0,561 and we have 
(8) log hj (t) = log g4 (t)) —log x, — 0,25. 

5. Results 


The computations were carried out for 5 wavelengths ranging from 
4 3646* (Balmer limit) to 4 8204- (Paschen limit). The tabulated values 
were obtained by interpolation. By comparing Table [X with Tables 
V-VIII (Paper I) we get an impression of the differences. These are due 
to three causes. 1. The computation by equation (5) is more precise than 
that by equation (4), used in Paper I. 2. The chemical compositions, 
characterized by the combination of values (A, B) as considered in the 
present paper, are different from that of Paper I. 3. In the present paper 
the influence of the metals has been accounted for in a more precise way, 
by using the graphs of Rosa and Vitense. 

When comparing the values of log gj at 45000, only the effect (1) 
operates. The agreement is very satisfactory, differences practically 
appear only below log gj =— 2,5, in layers which have hardly any 
influence. : 

When comparing the values of log g; at other wavelengths, slightly 
greater differences are found, amounting up to 0,1, except in the deepest 
layers. As can be seen from the tables V-VIII in Paper I, the A and B 
values have no effect here. Thus the differences disclose the effect of (3). 

As to the values of log x, and log p,, a special computation showed 
that for a given composition (A, B) these are practically not influenced 
by the effect (3). 

Finally we consider the columns of log hj, which are the most important 
for further work. As it follows from the preceding considerations, for a 
given (A, B) the values of log h, wil vary about like log g; and the dif- 
ferences, which will amount up to 0,1, are due to the effect (3). 


Correction of the average model 

Since our average model was obtained as an average of models, each 
giving the correct energy output, we tacitly assumed the average model 
in this respect to be correct. Yet, though in a rather advanced stage of 
the computations, we checked the intensity in the normal direction of 


316 


the continuous background of the spectrum. As can be seen in the following 
table the average model gives too low values for the intensities. The 
difference is dependent on the wavelength. By correcting the temperature 
distribution it must be possible to bring the observed and the computed 
intensities J,(0) into agreement with each other. 

eS 


Logarithm of monochromatic intensity Gattnis 
in the normal direction, log J,(0), A log I,(0) 
of continuous spectrum background 
Wave- —— a a 3. es te ns = 
one | | Corrected ——— a 
aos Observations, Observations, Average model - | 8 
oy average | model - 
MiInnaERT [5]| NrcoLter [6] |} model | mean 
model ; mean 
| observ. 
observ. 
a 
36467 14,654 14,669 | 14,614 14,658 | —0,048 | —0,004 
3981 14,662 14,677 14,631 14,672 —0,039 0,002 
5012 14,618 14,630 14,585 14,617 —0,039 | —0,007 
6310 14,487 14,497 14,461 14,487 —0,031 —0,005 
7943 14,297 | 14,297 | 14,286 14,306 | —0,011 | 0,009 
8204- 14,267 14,267 14,256 14.276 | —0,011 | 0,009 


Because of the form of the Planck function a change of # independent 
of t) corresponds to a change of log B, that is practically equal for all 
values of t, but is different for different values of the wavelength; then 
the logarithms of the intensities, log /,(0), change with the same amount 
if the relation t(t)) does not alter. Assuming the latter condition being 
fulfilled, we can try some corrections 4% and see whether we can obtain 
intensities better in agreement with the observations; in this way a 
correction A#=— 0,013 was found. The differences now being smaller 
than 0,01 in the logarithm, we did not try to obtain a better agreement 
by applying depth dependent corrections A#. It is possible to derive the 
corresponding corrections for log » and log p,. Equation (4) shows that 
a change of 6, with a factor independent of t does not influence the 
weighting functions gj, a change in the relation t(t)) can however have 
an influence. By means of equation (5) the corrections to be applied to 
the weighting functions can be found, they turn out to be small and 
only of some importance for the higher values of 7p. 

In Table X we find the data for the corrected average model. Since 
we decided to use this model for our future investigations we give in 
Table XI the weighting functions h;(t)) for more wavelenghts. Compared 
to the Tables V-VIII the differences are very small, except in the deepest 
layers. 

We also tabulated the function log y—H that is useful when computing 
ionization and excitation conditions. In these computations frequently 
occurs (cf. CLAAS l.c., page 6) the function 


p(T, E,) = 1,50. Fe. 10%? 
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We tabulated 
log p(t, B,) — Bo = log 1,50 + log p, —3 log 7 


because this function depends on the given solar model only and not 
on the considered atomic transition. 


Final remarks 

It may be asked whether there is a good reason to investigate still other 
models. We computed, using Table X, abundances for a small number 
of lines. Compared to Claas the differences were of the order of 0,1 in the 
logarithm. Since we estimate that the differences between the true solar 
model and our corrected average model are smaller than the differences 
between our model and Claas’ model, there is some evidence that by 
changing our model not much improvement can be obtained. There are 
however two exceptions. 1. For the highest layers of the photosphere 
the uncertainties in the model are still considerable, therefore abundances 
obtained for lines formed in these layers may be untrustworthy. 2. We 
did not consider at all multitemperature models as introduced by Béum [8] 
and others. More and more investigators turn to this class of solar models 
and it seems that for the kind of problems we are engaged in it is only 
natural to investigate in a next step also these models. 


Utrecht, May 1957 Sterrenwacht ‘‘Sonnenborgh”’ 
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CHEMISTRY 


THE HALOGENATION OF AROMATICS 
PART Hl. GAS PHASE HALOGENATION OF SOME HALOBENZENES 


BY 


J. W. ENGELSMA anp E. C. KOOYMAN 


(Communicated by Prof. J. P. WipauT at the meeting of May 25, 1957) 


Summary 

The gas phase brominations of bromobenzene and fluorobenzene have been 
studied at 375-500° C and 425—475° C respectively. Chlorinations of fluorobenzene 
have been carried out at 325—425° C. Unpacked Pyrex tubes were used as the reactor. 

Dihalobenzenes were formed in high yields, conversions increasing with tempera- 
ture. Isomer distributions of dihalides showed little dependence on temperature. 
Surprisingly, meta isomers predominated in all cases (58-70 %); meta/para ratios 
were between 23 and 3. Results were therefore similar to those reported earlier 
for the chlorination of chlorobenzene [1]. It is concluded that these peculiar isomer 
distributions constitute a novel pattern of aromatic substitution. 

In the bromination of bromobenzene, packing the reactor with Pyrex tubelets 
caused an appreciable increase in the conversion at the same contact times, whilst 
isomer distributions remained unaffected; this suggests that the walls take part 
in the reaction. 

The experimental data are discussed in relation to those of earlier workers [2] 
who mainly used graphite- or pumice-packed tubes. 


Introduction 

In a recent paper [1] we reported on the gas phase chlorination of 
chlorobenzene in unpacked Pyrex glass reaction tubes. Dichlorobenzenes 
were formed in high yields; isomer distributions varied little with tempera- 
ture (375—500° C). They showed a peculiar pattern, viz. about 64 % meta, 
24 % para and 12 % ortho isomer. Practically no substitution took place 
below 300° C. In all runs, half molar proportions of the halogen were used, 
diluted with nitrogen; air and moisture were excluded. 

Since these results appeared to be somewhat in contrast to certain 
general concepts developed by earlier workers in this field [3—7]—who 
mainly used pumice- or graphite-packed tubes—the above halogenation 
procedure was extended to other halogenations. The bromination of bro- 
mobenzene was considered to be of special interest since this reaction 
had been studied in some detail by the packed reactor method [3] and also 
in the presence of ultraviolet light [6]. 

The present paper constitutes a preliminary survey of our results on 
the bromination of bromobenzene and fluorobenzene, and on the chlorina- 
tion of fluorobenzene. The latter reaction appears not to have been 
studied before; few data on the bromination of fluorobenzene are 


available [3]. 
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Methods *) 

Halogenation methods employed were analogous to those described in Part I. 
Isomer distributions were determined by infrared spectroscopic methods based on 
pure standard samples and artificial mixtures of isomers. Thermal analysis was 
used as an occasional check; the results of this time-consuming method were in 
good agreement with the infrared data. Balances of material were obtained by 
fractional distillation; the small intermediate fractions were analyzed by mass 
spectrometry. Conversions of halogens were also determined directly by titration. 

The various isomers were made by standard Sandmeyer procedures starting 
from the pure haloanilines (B.D.H.); their properties are given in table I. 


TABLE I 
Properties of isomeric dibromobenzenes, bromofluorobenzenes and chlorofiuorobenzenes 


"Boiling point °C/mm Hg | Melting point °C 


Compound ; ; ap ’ 
found lit. ref. found lit. ref. found lit. ref. 
C,H,Br, ortho 92/15 223/760 a | +7.0 +6.7 b | 1.61167° 1.61251? b 
meta 80/9 218/760 b —6.8 —6.7 b 1.6082" 1.6077 b 
para — a +87.3 +87.0 b — — 
C,H,BrF ortho 92/90 — a — is 6 } bees 1.5320*° c 
meta 83/92 150/760 ec —- — 1.6277 1.5273%° c 
para 152/760 152/760 a oo —l7.4 c¢ 1.527429 1.5310 a 
C,H,CIF ortho | 138/760 138-40/758 d — —42.5 d 1.5015*° — 
meta 128/760 128/760 e — cae 1.494979 1.491127 d 
para 130/760 130/760 a — —26.7 d | 1.495279 1.49901 a 


a) Handbook of Chemistry and Physics; 35th edition; Chem. Rubber Publ. Co. 

b) J. P. Wreavt, L. M. F. van pe Lanpz and G. WaLLAGH, Rec. trav. chim. 52, 794 (1933). 
c) M. van Loon, Thesis, Amsterdam, 1936. 

d) Dictionary of Organic Compounds; Eyre and Spottiswoode, London, 1953. 

e) G. Lock, Ber. 69, 2253 (1936). 


1) Our thanks are due to Dr. C. La Lav for the infrared work and to Mr. J. vAN Katwisk 
for some mass spectrographie analyses. 


Results 


The new results of our own halogenations at various temperatures are 
summarized in tables I, I11, [V and V. For comparison, table VI presents 
the data on chlorination of chlorobenzene already reported in Part I. 

All experiments were carried out in reaction tubes of 24 em length 
and an internal diameter of 4.5 em (volume 380 ml; inner surface 340 cm?), 


Discussion . 


The results of the four halogenations studied so far appear to be very 
similar. High yields of dihalides and high meta contents were obtained 
throughout. Meta/para ratios were between 2.4 and 3.0; ortho/para 
ratios were highest with the dibromobenzenes (0.8-1.1). Isomer distri- 
butions at low conversions were close to those at higher conversions. 
Balances of material were satisfactory; no by-products were detected 
and carbonization did not occur except at the highest temperatures 
investigated. 


Bromination of bromobenzene in un 


TABLE II 


packed tubes 


Reaction] Contact SS ae pee ane Aromatics 

ee ‘omy. ke 7o molar accounted 
os °C Bee. to to to ln ei for 

| @ Br, | 9 Br,;|oBr,|°'" | % molar 
Fl 375 45 0.7 | 0 0 0.7 88.2 
F6 | 400 41 2.2 | 0.05 | 0.05 | 2.3 95.3 
F3 | 425 42 9.8 | 0.56 | 0.04] 10.4} 98.0 
RAsbee 4500) ea 18,70) 283 | 04!) aia | - 907 
F5 | 475 40 | 41.0 | 10.3 | 0.4 | 51.7 93.6 
F2 500 37 | 53.0 | 26.6 | 1.5 | 81.4 91.8 


* 


cannot be given. 


Values in parentheses refer to thermal analysis. 


TABLE II 
Bromination of bromobenzene in a Pyrex-packed tube *) 


SS Ss 


Isomer compo- 

sitions in % by m/p | o/p 
infrared analysist) | ratio | ratio 

oO m Pp 

* ok * * a 

—__* Ee: 19.3 * __* 
16.7 | 62.5 | 20.8 | 3.0 | 0.8 
(15.6) | (68.8) | (21.5) 

ESTAS COZ 2A 2S an OLS 
(16.5) | (62.7) | (18.0) 

19.4 | 59.2 | 21.4 | 2.8 | 0.9 
21.2 | 58.6 | 20.2 | 2.9 | 1.05 


Because of the small amounts of dibromobenzenes isolated accurate isomer compositions 


Reaction} Contact Pen eg eae BEDENCD COED. 
Exp ae ee % molar : accounted sitions in % by m/p | o/p 
No. oC ey to | to +6 for infrared analysis*) | ratio | ratio 
6 Br, | 9 Br, | o Br, HRS Y% molar ® | aa p 
F21 375 47 | 2.08| 0 0 2.1 95.2 18.8 | 58.8 | 22.4 | 2.6 | 0.85 
F20 425 43 17.8 0 |. 0 17.8 93.9 19.4 | 59.2 | 21.4} 2.8 | 0.9 
| | (20.3) 
F19 | 475 40 67.4 | 20.6 | 1.6 | 89.6 91E9 TOO RSS20N 21 ON ee sa OL9 
(21.1) 
*) The packing consisted of Pyrex glass tubelets (abt. 10 x 5 mm). This caused a twelve- 


fold increase of the glass surface (4160 cm?) and a decrease of the volume (290 ml). 


+) Values in parentheses refer to thermal analysis. 
TABLE IV 
Bromination of fluorobenzene in unpacked tubes 
: C Bromine conversion Hoe Isomer compo- 
Exp. eat eee % molar accounted | sitions in %by | m/p | o/p 
No. Sans ; tie - eis for infrared analysis | ratio | ratio 
C sec. Total ' a 
9 BrF | 0 Br,F 7 molar o | m p 
F7 425 4] 6.9 0.4 7.3 88.8 6 70 24 | 2.9 0.25 
F8 450 39 15.0 2.5 17.5 88.2 66 24 | 2.75 | 0.4 
F9 475 37 32.8 3.8 36.6 90.9 i) 67 23 | 2.9 0.5 
TABLE V 
Chlorination of fluorobenzene in unpacked tubes 
sree neers seer ee ee ee —————————————_—— too 
' Chlorine conversion Aromatics Isomer compo- 
— Reaction Contact ably Baers sitonslin’% by | wip | ofp 
No enn ee t for infrared analysis | ratio | ratio 
: ae! sec. to 2 ‘ 
o FCl o FCI, 7 molar 
ee ae, ee ee 
D72 325 51 etl 0:3* 90.3 6.7 24.4 | 2.8 | 0.27 
D71 375 43.5 63.6 12.9 90.3 oat Die) || Pak |) Oeate: 
D73 425 43.5 65.1* 5.8* 88.3 9.4 25.0 | 2.6 | 0.38 


Mole ratio 9 F/Cl,=2.7 instead of 2.0. 
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TABLE VI 
Chlorination of chlorobenzene in unpacked tubes 


——_—_—$—————————————————  ———————_——— 


: Chlorine conversion Aromatics Isomer compo- 

_— Reaction Contact % molar Qe sitions im 9% by mio Veaie 
Pe) temp. ses a infrared analysis ti ti 
No. o to to for infrare y ratio | ratio 

C sec. Total ay hs pe 
6Cl, | oC, ip OE 1s m | p 
D62 275 54 Ee 0 1.9 92 * * * — — 
D52 357 47 24.6 0.9 25.5 91 10 66 24 2.75 0.4 
D4 375 46 31.0 1.0 32.0 78 | 10 63 26 2.4 0.4 
D53 416 43 58.6 10.9 69.5 89 12 64 24 2.7 0.5 
D54 498 38 —** —** —** 66** i3 62 25 | 2.5 0.5 


* Reliable isomer compositions cannot be given because of lack of material. 
** After these runs the reactor contained an appreciable amount of carbon deposits. Only 
traces of carbon were found at 465° C, the other experiments yielding practically clean tubes. 


§ 1. Bromination of bromobenzene 


Comparing our results in unpacked tubes (table II) with those of 
Wieaut and van Loon [3] in graphite-packed tubes (table VII) it is 
seen that our meta contents of dibromobenzenes are consistently higher, 
whereas the percentages of para isomer are lower. WrsAuT and vAN Loon 
reported only halogen conversions; since the authors mentioned the 
formation of carbonaceous material, the yields of dihalides were probably 
moderate. It is significant that the transition temperature observed by 
these authors (about 400—-420° C) is the same as that at which reaction 
sets in in our runs. At very high temperatures, their isomer distributions 
approach those found by us. 


TABLE VII 
Influence of temperature on bromination of bromobenzene in graphite-packed tubes 
(Wrpaut and Van Loon) 


Reaction temp. | Bromine conversion | !somer compositions (by thermal analysis) 
2. % molar % ortho % meta % para 
380 2.5 23.0 24.9 | 52.1 
400 6.4 25.6 33.0 40.4 
410 7.6 24.2 41.6 34.2 
420 10.2 24.6 | 43.0 32.4 
440 18.6 26.0 47.2 26.8 
480 37.2 — = 23.6 


More recently, the reaction has been reinvestigated by Wrsaut, SIxMA 
and Lies [6]; they studied the influence of ultraviolet light on the 
bromination in unpacked tubes. Here, too, para contents were somewhat 
higher than ours. Only para contents of dibromobenzenes were determined 
and no data were given as to yields, conversions and contact times. 
Again, carbon formation took place. The results (table VIII) suggest that 


ultraviolet light promotes the high temperature mechanism, presumably 
by formation of bromine atoms. 
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TABLE VIII 
Bromination of bromobenzene vapour under the influence of U.V. hight (WiBauT, 
Stxma and Lips) as compared with that under other conditions 


O/ Pars : ; a : 
| 7o Para dibromobenzene in the reaction product 


| Unpacked tube ‘Unpacked tube | Tube filled 


| 


Reaction temp. 


aye irradiated with | in the dark | with graphite, | : 
; U.V. light | Salle bie, | SE aes 
(Lies) | (Lres) | (Van Loon) | 

————————E——E—E———————————————————————E——EEEE— Ee eee 

380 62.1 -— 

385 35.5 — — — 

390 33.0 — 47.3 —— 

395 32.3 — 41.7 = 

404 = | 33.0 = = 

412 24.6 — 34.2 — 

420 23.4 27.4 33.0 20.8 (425° C) 

450 — — 23.5 21.4 

480 | = | _— 23.6 21.4 (475° C) 


The exclusion of air and moisture and the use of nitrogen as a diluent, 
which were strictly adhered to in our experiments, may have been 
responsible for suppressing cationic bromination processes. We therefore 
suggest that the above brominations carried out by WisBaurt ef al. [3-4] 
proceeded by two mechanisms even at high temperatures; the major 
mechanism at high temperatures is presumed to be identical uth that obtaining 
in our runs throughout. Thus, under WriBaut’s conditions, a small contri- 
bution of the cationic mechanism — which gives a high proportion of para 
and little meta isomer — should cause an increased para content as compared 
with ours. According to this concept, the phenomenon of a transition 
temperature observed by Wrpaut et al., should apply to a transition 
from the cationic ortho-para substitution pattern to the pattern obtaining 
in our experiments, rather than to a pattern with meta/para ratio 2.0. 
If one assumes that the present results are due to the operation of a 
single mechanism, the high meta/para ratios observed preclude the 
concept of identical substitution reactivities for meta and para positions 
proposed by WipauT and Srxma [5], who based themselves on their 
above-cited experiments. 

Isomer distributions in the vicinity of the transition temperature were numepically 
interpreted by the latter authors on the basis of two different substitution processes, 
both first order in bromobenzene. Using certain simplifying assumptions, meta/para 
ratios could be expressed with the aid of two empirical parameters. 

One of their basic assumptions was that the high temperature mechanism should 
involve the reaction Br. + Ar-H - HBr + Ar. as the isomer ratio determining 


step. Its activation enthalpy was postulated to be very low. Bond strength data [8] 
indicate, however, that this step should be endothermic by about 14 keal., since 
Do_y (in benzene) ~ 101 and Dg_p, = 87. 

Tf their detailed mechanism is taken to be correct, the empirical value of their 
parameter Q (a composite temperature coefficient) also indicates that the activation 
enthalpy for the above hydrogen abstraction should be appreciable, viz. > 20 kcal. 


22 Series B 
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A comparison of the data in tables Ht and III (pairs F1-F21; F3—F20 
and F5-F19) shows that, at the same contact time, an increase of glass 
surface causes an important increase in conversion, whereas isomer 
ratios remain the same. This indicates that one or more steps in the 
reaction take place at the walls. Assuming — with Wrsavut and Srxma [5-6] 
that the reaction is a free radical chain process, this effect of the glass 
may suggest that bromine atoms are formed by interaction of bromine 
molecules with the glass surface; an alternative interpretation would be 
to assume that an addition step is facilitated, the walls acting as a “third 
body”. In any case, the glass acts quite differently from pumice or 
graphite. 


§ 2. Bromination and chlorination of fluorobenzene 


The results obtained in these halogenations are analogous to those 
in the bromination of bromobenzene and the chlorination of chloro- 
benzene. Some of the results of vAN Loon and Wrsavt [3] on the 
bromination of fluorobenzene in graphite-packed tubes are given below. 


TABLE IX 
Influence of temperature on bromination of fluorobenzene as observed by WiBAuT 
and Van Loon 


Reaction temp. | Bromine conversion % para isomer by 
=G % molar thermal analysis 
360 ye | | 71 
400 29.8 65 
450 44.6 40 
500 55.0 24 
500 65.1 | 25 


The para isomer was formed in larger proportions than in our runs; 
again, the difference diminishes at increasing temperatures. The whole 
picture is quite similar to that discussed in the preceding section and 
needs not be elaborated here. 


§ 3. General remarks and conclusions 


In our halogenations the percentages of orthodihalides as well as the 
ortho/para ratios are highest for dibromobenzene. On the basis of purely 
steric considerations one would expect the opposite, bromine atoms being 
more bulky than Cl or F atoms. This constitutes additional evidence 
against the concept of a substitution process which is merely governed 
by the accessibility of the various aromatic positions. It may be noted 
that the liquid phaseé nitration of halobenzenes gives higher proportions 
of ortho-isomers (and higher ortho/para ratios) with increasing bulkiness 


of the halogen present [9].. Probably, polar influences are operative in 
both reactions. 
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The experimental data so far available are still insufficient to arrive 
at any definite conclusion as to the reaction mechanism. Experimental 
evidence which directly supports a free radical chain process is limited 
to the interesting finding of WrpauT, Srxma and Lies [6] (table VIII) 
as to the effect of ultraviolet light. However, only a few runs were made, 
since the authors did not envisage a detailed investigation. 

The peculiar isomer distributions found do not fall within any of the 
known patterns of aromatic substitution. Neither cationic attack nor free 
radical addition [10] can be the isomer ratio determining step, since this 
should lead to predominantly ortho-para substitution. Nucleophilic attack 
—e.g. halogen molecules seeking the positions of highest positive charge — 
could explain the preference for meta-substitution with halobenzenes as 
well as the formation of 2-halopyridines [11-12] in the high-temperature 
halogenation of pyridine. However, nucleophilic substitution seems 
somewhat unlikely on a priori grounds since both atoms of the halogen 
are strongly electronegative. Moreover, one should expect an increasing 
reactivity in the series benzene, halobenzene, dihalobenzene, which is 
not observed. Further, the highest meta/para ratios should obtain with 
the halobenzene having the greatest difference in charge (or electron- 
availability) at meta and para positions, viz. with fluorobenzene '); this, 
again, is not observed. 

In Part I we have already called attention to the possible operation 
of thermodynamic factors, rather than kinetic factors only. Thus, liquid 
phase equilibria between the dichlorobenzenes (250° C) as well as between 
the dibromocompounds (130-150° C) [13] have nearly the same com- 
positions as those found in our gas phase halogenations. 

It seems evident that the present halogenations provide a novel and 
clear-cut type of aromatic substitution. Since high yields are obtained, 
whilst by-products would seem to be absent, the reactions appear to be 
suitable for a detailed study. In later papers we will discuss some further 
aspects e.g. halogen exchange and H—D isotope effects, which will permit 
a better insight into the mechanisms. 


Koninklijke|Shell-Laboratorium, Amsterdam 
(N.V. De Bataafsche Petroleum Maatschappy ) 


1) Thus, HamMeTtT’s sigma values are as follows: o,_» = 0.06; o, » = Olor 
Op—c1 = 0.235 Og = 9.375 Op—pr = 0.23; On —pr = 0-39. (L. P. Hammett, “Physical 
Organic Chemistry”, McGraw-Hill, N.Y. 1940, page 188). 
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CHEMISTRY, ORGANIC 


ON THE REACTION OF DITSOPROPYL FLUOROPHOSPHATE 
WITH THE ACTIVE SITE OF CHYMOTRYPSIN 


BY, 


L. GINJAAR anp D. M. BROUWER 


(Communicated by Prof. Dr. E. Havryea at the meeting of May 25, 1957) 


INTRODUCTION 


From the pH-dependence of the enzymatic reactions and of the enzyme 
inhibition it appears that a group with a pK value of about 7 is a part 
of the active centre of cholinesterase, chymotrypsin, trypsin, etc. 1°). 
The only group known to occur in proteins that has such a pK value 
is the imidazole group of histidine. As the above mentioned reactions 
seem to proceed via an intermediary acyl or phosphoryl enzyme respectively 
one might assume that these groups become primarily attached to an 
imidazole nucleus of the enzyme (see e.g. +? 19-14)), The assumption that the 
imidazole group of histidine is a part of the active site of several enzymes 
supported by the results of other experiments on the dinitrophenylation 
of chymotrypsin and of DFP *)-inhibited chymotrypsin ¥ 1* 1”) and on 
the photo-oxydation of chymotrypsin *). However, recent investigations 
on the reaction of p-nitrophenyl acetate with chymotrypsin brought no 


*) DFP = diisopropyl fluorophosphate, DCIP = diisopropyl chlorophosphate. 
1) I. B. Witson, in “The Mechanism of Enzyme Action” (edited by W. M. 
McEtroy and B. Grass, The Johns Hopkins Press, Baltimore, 1954), p. 642. 
2) JI. B. Wuson, Disc. Faraday Soc. 20, 119 (1955). 
3) F. Beromann, ibid. 20, 126 (1955). 
4) KF. BeramMann, R. SEGAL, A. Surmont and M. WurzEt, Biochem. J. 63, 
684 (1956). 
5) B. R. Hammonp and H. GutrreunD, ibid. 61, 187 (1955). 
H. GurrreunpD, Trans. Faraday Soc. 51, 441 (1955). 
7) K. J. Larpumr, ibid. 51, 528, 540, 550 (1955). 
K. J. Law.er and M. L. Barnarp, ibid. 52, 497 (1956). 
D. G. Douertry and F. Vastov, J. Am. Chem. Soc. 74, 931 (1952). 
10) J, B. Witson and E. Casi, ibid. 78, 202 (1956). 
1) A. K. Batts and H. N. Woop, J. Biol. Chem. 219, 245 (1956). 
12) W. N. AtpripGce, Biochem. J. 54, 442 (1953). 
13) W.N. AupripcEe, Chem. and Ind. 1954, 473. 
4) B. J. Janporr, H. O. Micuet, N. K. Scuarrer, R. Eaan and W. H. 
Summerson, Disc. Faraday Soc. 20, 134 (1955). 
15) H, FraeNKEL-—Conrat, Ann. Rev. Biochem. 25, 312 (1956). 
16) DPD. M. Brouwer, Thesis, Leyden, to be published. 
17) J. R. Wurraker and B. J. JANDORF, J. Biol. Chem. 223, 751 (1956). 
18) [. Wet, S. James and A. R. Bucuerr, Arch, Biochem. Biophys. 46, 266 


(1953). 
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confirmation of such a hypothesis !% 29), Furthermore, investigations on 
the amino-acid composition of a part of the active site of some cho- 
linesterases, chymotrypsin and trypsin *!~*>) gave no indication as to 
the presence of histidine in this site. However, as already pointed out *), 
this may be explained by assuming that if the enzyme molecule is built 
up from «-helices, the imidazole residue belongs to an x-helix which is 
adjacent to the one of which a part of the amino-acid sequence was found. 

In previous experiments it was demonstrated by spectroscopic measure- 
ments that in the imidazole-catalyzed hydrolysis of carboxylic esters, 
both of a low- and of a high-energy character, the reaction proceeds via 
N-acyl imidazole as an intermediate. It was thought possible that in 
the enzymatic reactions the acyl group is primarily attached to the 
imidazole residue and then rapidly transferred to another nucleophilic 
group of the enzyme, the steady-state concentration of N-acyl imidazole 
being rather low ”’). 

It appears that the inhibition of cholinesterase and of chymotrypsin 
by high-energy organophosphorus compounds results in two kinds of 
inhibited enzyme, the first of which (ER,) can be reactivated by e.g. 
hydroxamic acids, but which on prolonged standing gives rise to a second 
product (ER,) which cannot be reactivated. It has been proposed that 
the first one contains a high-energy phosphoryl-imidazole group, from 
which the phosphoryl! group can be transferred to another nucleophilic 
group »}?14). Such a hypothesis would be in agreement with the acid 
catalysis of the transformation ER,—> ER, *8), since a protonated 
phosphoryl-imidazole group will be a much better phosphorylating agent 
than the non-protonated form (compare *’)). Since from the products of 
inhibition of cholinesterase and of chymotrypsin the phosphoryl group 
is always isolated as phosphoserine after hydrolysis 7!~*) the second 
nucleophilic group is often identified with serine (see e.g. 1)). 

It has been found **) that imidazole catalyzes the hydrolysis of DFP. 
As the imidazole-catalyzed hydrolyses of carboxylic esters proceed via 


1%) H. Gurrreunp and J. M. Sturtevant, Biochem. J. 63, 656 (1956). 

20) G. H. Drxon, W. J. Dreyer and H. Neuratu, J. Am. Chem. Soc. 78, 4810 
(1956). 

1) N. K. Scuarrer, 8. C. May and W. H. Summerson, J. Biol. Chem. 202, 
67 (1953); 206, 201 (1954). 

*) N. K. Scuarrmr, J. HaARsHMANN and R. R. Enaux, ibid. 214, 799 (1955). 

**) ¥F. TurBa and G, GunpLacH, Biochem. Z. 327, 186 (1955). 

24) J. A. Conen, R. A. OosTERBAAN, M. G. P. J. WarRINGA and H. 8. JANSZ, 
Disc. Faraday Soc. 20, 114 (1955). 

*°) KR. A. OosrerBAAN, H, 8. Jansz and J. A. Conmn, Biochim. Biophys. Acta 
20, 402 (1956). 

**) G. H. Drxon, 8. Go and H. Neurars, ibid. 19, 193 (1956). 

27) D. M. Brouwer, M. J. v. p. Viuet and E. Havrnaa, Proc. Kon. Ned. Akad. 
Wet. B 60, 275 (1957). 

#8) D. R. Davies and A. L. GreEn, Biochem. J. 63, 529 (1956). 

9) T. WaGNER—J AUREGG and B. E. Hacktey, J. Am. Chem. Soc. 75, 2125 (1953). 
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N-acyl imidazole, it can safely be concluded that the catalyzed hydrolysis 
of phosphorus compounds will proceed via N-phosphoryl imidazole, the 
latter being in equilibrium with its protonated form. We deemed it, 
therefore, interesting to investigate whether the occurrence of N-phosphoryl 
imidazole can be detected by spectroscopic measurements. However, 
when DFP and DCIP were hydrolyzed in the presence of 0.05 M imidazole 
(pH =7.00) only a very slight change in the absorption in the region of 
230-320 mu was observed. We decided therefore to follow the reaction 
of chymotrypsin with DFP using a method similar to that used by 
GUTFREUND and STURTEVANT !%). 


THE REACTION OF CHYMOTRYPSIN witH DEP 


The reaction of chymotrypsin with DFP was carried out in a 10-3? M 
aqueous p-nitrophenolate buffer of pH 6.40. The amount of protons 
liberated during the reaction could be determined from the decrease of 
the absorption, as the molar extinction of the buffer decreases when it 
takes up protons. It was observed in preliminary experiments that in this 
pH-region the amount of protons liberated could not be computed 
directly from the decrease of the absorption with the measuring technique 
used. The changes in absorption were, therefore, compared with those of 
identical solutions in which DFP was replaced by known amounts of 


DA4O 
O4 


Fle) 50 75 lOO 125 I5O 
min 
Fig. 1. The liberation of protons during the reaction of chymotrypsin with DFP 
at pH 6.50 and 25°C. 
a) the decrease of absorption of a 10-* M p-nitrophenolate buffer during the 
reaction of 8.4 x 10-% wmol of active chymotrypsin with 16.4 x 10-2 wmol of DFP. 
b) and c) the change in absorption of the chymotrypsin solution on the 
addition of 5 X 10-2 and 10 x 10-? wmol of HCl resp. 
DFP and HCl were added at the marked times; the final volume was 3.03 ml. 
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acid (ie. HCl). The number of protons liberated at pH 6.40—1.1 per mole 
enzyme—is very close to unity. Using a greater excess of inhibitor, 1.e. 
2.0 instead of 1.1 mol per mole chymotrypsin, the same result (1.0 protons 
per mole enzyme) was obtained at pH 6.50, as was to be expected. The 
results of one experiment are presented in fig. 1. When, in a control 
experiment, chymotrypsin was replaced by its precursor, chymotryp- 
sinogen, no change in the absorption was observed on addition of DFP. 

The chymotrypsin content of the preparation used was determined by 
incubating the enzyme with excess of paraoxon. In this way the amount 
of phosphoryl groups that react with a given amount of the enzyme 
preparation can be measured accurately. 


DISCUSSION 

Our experiments give essentially the same results as were obtained by 
GUTFREUND and STURTEVANT !’) in the case of the reaction of chymo- 
trypsin with p-nitrophenyl acetate. The phosphorylation of the enzyme 
does not result in a phosphorylated imidazole group, as in that case 
about 1.7 proton should have been liberated. However, it could be that 
in the reaction a phosphoryl-imidazole intermediate is involved, during 
the formation of which about two protons are liberated and which 
transfers its phosphoryl group very rapidly to another nucleophilic group 
of the active site, while taking up about one proton. This reaction would 
have to be very fast, with a very low steady-state concentration. Even 
when DFP was replaced by DCIP, which would react much faster with 
imidazole than DFP, no indication of the intermediate formation of a 
phosphoryl-imidazole grouping was found. 

So it is clear that the question whether imidazole takes part in the 
enzyme-catalyzed reactions — hydrolysis or inhibition — is still not answered. 
But, whatever the exact mechanism of reaction may be, the product of 
inhibition denoted as ER, certainly does not contain a phosphoryl- 
imidazole group, as in view of the slowness of the transformation 
ER, — ER, '*) the occurrence of such a group should have been detected 
in our experiments. The phosphoryl group is, therefore, in ER, bound 
to another nucleophilic group. 

The facts so far discussed lead to the conclusion that the rate-deter- 
mining step for the formation of ER, is either the formation of the 
phosphoryl-imidazole group, if formed, or the formation of ER, itself, 
the reaction probably being of the S,2-type (see e.g. %°)). 

The results mentioned above point once more to the close analogy of 
the reactions of the enzyme with carboxylic esters on the one hand, and 
those with the phosphorus compounds on the other hand. We should 
like to bring forward a principle which has hitherto not been discussed 
in this connection, i.e. the difference in steric character of carbon compounds 


%°) 'T. R. Fuxuto and R. L. Mercatr, J. Agric. Food Chem. 4, 930 (1956). 
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and phosphorus compounds. This principle may account for the fact 
that carboxylic esters essentially are substrates and phosphorus com- 
pounds inhibitors. 

If both types of compounds react by way of a multi- (three-) point 
attachment to the enzyme it is clear that with the carboxylic esters the 
attachment to the enzyme will have lost one of its bonds after the splitting 
off of the alcohol residue and the formation of an acyl-enzyme compound 
which may readily be attacked by nucleophilic agents, e.g. OH-. However 
with phosphorus compounds such as DFP, the F-ion can be replaced 
by a nucleophilic group in the enzyme via an Sy2-reaction during which 
the ligands are turned over (compare the nucleophilic substitution reaction 
of the Finkelstein type). The phosphorus atom will, therefore, be shielded 
from an attack by nucleophilic agents, especially when the ligands are 
of a bulky nature. The importance of such steric relations in this con- 
nection is demonstrated by the fact that when cholinesterase is inhibited 
by dimethyl p-nitrophenylphosphate the enzyme regains its activity by 
spontaneous hydrolysis ), while the restoring of the enzymatic activity 
after inhibition by the diethyl-compounds needs a powerful reactivator ! 14), 
That the phosphorus compounds are attached to the active site of the 
enzyme in the same way as the carboxylic esters follows from the fact 
that no difference is found between the rate of reaction of the two optical 
isomers of isopropyl methylfluorophosphonate (sarin) with pseudo- 
cholinesterase *!) whereas there is a marked difference in the rate of 
inhibition of true cholinesterase by these isomers *! 82). If it is necessary 
for a strong inhibition of true cholinesterase that the inhibitor resembles 
the natural substrate acetylcholine, it is clear from a consideration of 
their structures (fig. 2) that only one of the isomers of sarin satisfies this 
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Fig. 2. The steric relationships between acetylcholine (a), the two isomers of 
sarin (b, c) and butyrylcholine (d). 


31) A. J. J. Ooms, unpublished results. 
32) H. O. Micnen, Fed. Proc. 14, 255 (1955). 
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condition. This is because the isopropoxy group is too bulky to occupy 
the place of the methyl group of acetylcholine on the enzyme surface so 
that the rate of reaction with the active site of the enzyme is decreased. 
This isopropoxy group can, however, occupy the place of the propyl group 
of butyrylcholine in the case of pseudo-cholinesterase. 


EXPERIMENTAL DETAILS 


Determination of chymotrypsin activity 

1.35 g of a 1.01 % solution (by weight) of paraoxon (diethyl p-nitrophenyl 
phosphate) in isopropanol was diluted with 25.0 ml of a 0.1 M phosphate 
buffer (pH 7.60). As the paraoxon used contained traces of a fast hydro- 
lyzing impurity the solution was left for two hours at 25° C. After this 
period 5.0 ml of the solution were mixed with 5.0 ml of a 0.2 % chymo- 
trypsin solution in the same buffer. The mixture was placed in a thermo- 
stat at 25.00 + 0.05° C. 

The liberation of p-nitrophenol was followed by determining at suitable 
intervals the optical density at 400 my. Simultaneously a blank experiment 
was run in which the enzyme was omitted. The concentration of active 
enzyme was computed from the difference in optical densities of the 
enzyme-containing solution and of the blank one after the completion of 
the reaction of chymotrypsin with paraoxon (16 hours). The enzyme 
was found to contain 2.80 x 10-> mmol active phosphoryl binding groups 
per mg enzyme. 


The reaction of chymotrypsin with DFP 


An aqueous solution of p-nitrophenol (10-* M) was adjusted to pH 6.40 
with N NaOH. 15.3 mg of chymotrypsin were dissolved in 15.0 ml of 
this buffer and the pH was readjusted. Each of three 10 mm cuvettes was 
filled with 2.92 ml of the enzyme solution and the optical densities at 
440 mu were measured for one hour against a solution of p-nitrophenol 
(1.4 x 10-4M) in 0.1 N NaOH. 

Then 0.107 ml of a solution of DFP, prepared by diluting 0.107 ml of 
a 1.02 % (by weight) solution of DFP in isopropanol with 2.92 ml (or 
5.0 ml) of the buffer, was added to one of the enzyme solutions. The 
optical density was then measured for another hour. To the other enzyme 
solutions 0.107 ml of solutions of HCl (0.00935 N and 0.00468 N respec- 
tively) in the same buffer were added. 


Materials 


The paraoxon, DFP and DCIP used were synthesized at the Chemical 
Laboratory of the National Defence Research Council TNO by Mr. A. M. 
DE Roos. «-Chymotrypsin was obtained from Armour and Co., Chicago, 
U.S.A. (lot no. 283). The chymotrypsinogen used was prepared at the 
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Laboratory for Organic Chemistry, Leyden, by Mr. H. P. Brrrs according 
to the procedure given by Kunirz and Nortnrop °3), 
The measurements were made with an Unicam spectrophotometer 


SP 600. 


SUMMARY 


It has been found that during the reaction of chymotrypsin with 
diisopropyl fluorophosphate at pH 6.40 and 6.50 one proton is liberated, 
thus indicating that the first phosphorylation product does not contain 
a phosphoryl-imidazole group. The mechanism of the reaction is discussed 
with special regard to the stereochemical features of the organophosphorus 
enzyme-inhibitors. 
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CHEMISTRY, COLLOID 


CONDUCTOMETRIC INVESTIGATIONS ON COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL— WATER MIXTURES 


Ia. INCREASE IN RESISTANCE AT THE FORMATION OF 
OPALESCENT SYSTEMS 


BY 


H. G. BUNGENBERG DE JONG anp M. J. LEXMOND 


(Communicated at the meeting of May 25, 1957) 


1. Introduction 


This and some following communications will deal with the formation 
of the blue-opalescent system which takes place spontaneously when a 
clear solution of egg phosphatides in a suitable tert-butanol— water 
mixture is diluted with water. The method adopted is that of the con- 
ductometric titration. When it is started from an egg-phosphatide solution 
in about 30 vol. % tert-butanol, and this concentration is gradually 
lowered by adding water, a distinct opalescence sets in at a certain tert- 
butanol concentration lower than 25 vol. %. With further addition of 
water the opalescence increases and the aspect becomes slightly turbid. 
In this same range of the tert-butanol concentration a distinct increase 
in the electrical resistance takes place. 

It will be investigated what is the meaning of this increase in resistance, 
which factors have influence on it and whether this type of measurements 
might give some information on the phosphatide-particles present in 
the opalescent systems. 


2. Methods 
a. Experimental equipment 

Vessel A (compare fig. 1) contains besides the mixture to be investigated a small 
stirring rod with iron core, and is covered by a rubber plate B which has three 
perforations. With the largest perforation it fits around a conductivity cell of the 
immersion type C, which dips in the liquid to be investigated such that its two 
side holes are below the level of the liquid. In the second perforation a thermometer 
D is inserted dipping into the liquid too, The third one allows the passage of the 
tip of a burette E. During the titration this tip must not come into contact with 
the liquid in the titration vessel. Vessel A dips in distilled water (about 2 L) 
contained in a large round flat-bottomed glas basin F, which rests on a magnetic 
stirring apparatus. A second thermometer G allows for reading off of the temperature 
of the water. So far the equipment is complete for working at a temperature some- 
what higher than room temperature (for details see below sub b). In the course 
of the investigation (see a later communication of this series) it was necessary to 
perform the conductometric titration at considerably higher temperature. It is 
then necessary to keep the temperature of the water in basin F at a suitable 
temperature (details below sub. b). The loss of heat to the surroundings is then 
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compensated electrically by a resistance coil embedded in sand in glass tube H 
(bent in loop form), the heat production being regulated by varying the voltage. 


il fl ll 


Fig. 1. Experimental equipment. 


The conductivity cell used in the larger part of the investigations had a constant 
of 2.84. In the beginning a cell of about the same dimensions has been used. For 
our purposes, however, the knowledge of the cell constant is not necessary, a 
quotient of two resistances (see section 4) being used throughout for expressing 
the results. The resistance was measured with a Philips meter (‘‘Philoscop CR Reg 
GM 4144), the scale of which appeared to be correct for values of 0.250 and higher. 
For lower values the readings were too low (1 % at 0.200 and 3 % at 0.100) and had 
to be corrected. The resistance was measured at 50 Hz. At 1000 Hz the readings 
were slightly lower but this had no influence on the above mentioned quotient of 
resistances. As the sensitivity of the magical eye was much less at 1000 Hz, the 
choice fell on 50 Hz. 


b. Technique of measurement 


At room temperature (about 19-20°) we pipet into the titration vessel 20 ml 
solution of phosphatide in tert-butanol 91 vol. % and 40 ml water. The temperature 
of the mixture is then about 25° C. The glass basin E is filled with water of 21.8°, 
the temperature at which we will perform the conductometric titration. Vessel A, 
the conductivity cell, the thermometer and the tip of the burette are brought to 
their place and the magnetic stirrer is put into action. The temperature of the 
liquid in A decreases slowly and when it has reached 21.8°, the stirrer is switched 
off and a first reading of the resistance is made. The temperature continues to 
decrease very slowly but with addition of water from the burette it increases slightly 
(0.1-0.3° C, depending on the amount added). Some experience is necessary to per- 
form the titration at the necessary rate to allow the resistance to be measured 
during the whole titration at constant temperature (within 0.1° C). It appeared 
that when 2 ml portions H,O from the burette were added the temperature in the 
basin F should be kept at 21.5° to allow the temperature in vessel A to reach 21.8° 
after about 4 minute stirring. These larger additions are only made in the beginning 
of the titration, but when we come close to the limit clear/opalescent one should 
add only 1 ml H,O at a time. In the latter case the temperature in the basin F 
must be 21.7° to allow the temperature in vessel A to reach 21.8° after about 4} 
minute stirring. After each addition as a rule we take three readings of the resistance 
a) while still stirring after 1 minute, b) having switched off the stirring mechanism 
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after } minute rest and ¢) shortly after having put the stirrer in operation again. 

When the temperature of basin F has the correct temperature, the temperature 
in A is at the three readings 21.8°. The resistances found in a), b) and ¢) are always 
the same as long as the phosphatide system is still a clear solution. The same applies 
when so much water has been added that we have reached about 20 vol. % tert- 
butanol. Having just passed the limit clear/opalescent, however, the readings 
a), b) and c) may differ very slightly. This detail point will not be discussed here 
as we will at first direct our attention to the maximum resistance, where EH) == |s)) == ©), 
In the curves given in fig. 2, 3 and 4 the readings a) are designed only. Incidentally 
the above mentioned differences between a), b) and c) are shght at 21.8°, they are 
more pronounced at higher temperatures and become very striking when organic 
non-electrolytes (such as higher alcohols) are present in the original phosphatide 
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Fig. 2. Conductometric titration of phosphatide containing system (left) and 
corresponding medium (right). 
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Figs. 3 and 4. Conductometric titration of phosphatide containing system and 
medium, in the presence of 0.0001 N HCl and 0.004 mol/l NaCl respectively. 


340 


solution.) The discussion will therefore be postponed to a later communication 
in this series. 

When the conductometric titration is to be performed at 39.8°, we must proceed 
in a similar manner, but in this case the temperature in basin F must be kept at 
+ 40.2° C during the titration (regulating the voltage over the heating coil). Here 
it is of course more difficult to keep the temperature constant in vessel A during 
the whole titration (which takes some 1} hours) constant at 39.8°. But after some 
experience in the different manipulations it will appear to be quite practicable. 


ec. Phosphatide stock solution 

We started from fresh ‘“‘Eilecithin pur.’ from Merck, which after arrival was 
stored in a CaCl, exsiccator at — 10°C. In preparing the stock solution (about 
50 m mol/l) in 91 vol. % tert-butanol, the phosphatide was purified beforehand 
from fatty contaminants (thrice precipitating with acetone from ethereal solution) 
and from aminoacids (twice shaking out the solution of phosphatide in CCl, with 
60 vol. % ethanol). For details see a previous communication *). 


d. Importance of keeping to a standardized time-addition scheme 

In section 2 the time addition scheme has been given which is used throughout 
the present and later parts of this series. It serves a twofold purpose a) to work 
in a convenient way at constant temperature (as was explained in section 2) and 
b) to allow for a development of the characteristic increase in resistance in the 
range of decreasing tert-butanol concentrations lying adjacent to the limit clear/ 
opalescent. 

It has namely appeared that just in this range the increase in resistance depends 
on the rate of dilution. With the adopted time-addition scheme (1 ml water added 
at the time) one obtains a fairly large increase of the resistance. With larger additions 
(e.g. 5 ml water added at the time), the increase is distinctly smaller, besides the 
intensity of the opalescence is smaller. At very rapid mixing (pipetting the 30.3 % 
tert-butanol solution at once into an equal amount of water) the increase in resistance 
may become only 10-20% of that obtained when following our time-addition 
scheme. The opalescence is then also relatively weak. 

In connection with the above, the same intensity of stirring has been used in this 
and the two following parts of this series (same small stirring-rod and same moderate 
rate of stirring). 7 

After having reached the maximum resistance, it is no longer important how 
much water is added at a time. We may now finish the titration with larger steps. 


3. The meaning of the increase in resistance 


For a first orientation some preliminary *) measurements may be 
given here in which not only the resistance of the phosphatide system 
itself was measured but also that of the corresponding system without 
phosphatide. To begin with, the titration vessel is filled with 60 ml 
phosphatide containing mixture obtained by pipetting together the 
amounts given in the survey. 


1) H. G. BUNGENBERG DE JoNnG and J. A. G. Davrps, these Proceedings, 
Series B 60, 255 (1957). 

*) ‘The immersion of the titration vessel in a large basin filled with water was 
not yet introduced and during the titration the temperature was not constant 
but decreased. We have corrected all resistances given in the figs. to one and the 
same temperature = 23.6° C. 
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The corresponding mixtures without phosphatide had the same com- 
position except that on the first row 15 ml tert-butanol 91 vol. °%% was 
taken. 

In performing the conductometric titration we used water (for A and 
for the corresponding blank), 0.0001 N HCl (for B and for the corresponding 
blank) and 0.004 N NaCl (for C and for the corresponding blank). 

The resistance curves (resistance plotted against tert-butanol concen- 
tration ') are given in the figures 2, 3 and 4 (arrows give the direction in 
which the curves are followed during the titration). The phenomenon 
which interests us is clearly shown in the figures, namely that at the 
limit clear/opalescent (at point A in the figs.) a strong increase of the 
resistance sets in. 

In the following discussion we will make use of some values of the 
resistance, namely at 24 vol. % tert-butanol and at 19.5 vol. % tert- 
butanol both for the phosphatide containing systems and for the cor- 
responding blanks. These values read off from the graphs are given in 
the columns 3 and 4 of the next survey. From these the values given in 
column 5 have been calculated. 


SS 


tert-butanol | ; 1/ Deep — 
vol. fe | ee phosph. tank 1/2 iank 

| dist.-water (ase sx 1? (BS) xe IO eA anl Om 

24.0 0.0001 N HCl (Mats) 4 oY Ona eee 0? Ils 3 IO? 

| 0.004 N NaCl | 0.147 x 104 Onn Oe 0= Led 9< IO? 
dist.-water 0.616 « 105 0:203 x 10& Till S< TO=8 
19.5 | OOOOLS NT EOL Mee Oa LOe a 02 0.153 x 105 —1.8 x 10-5 
0.004 N NaCl | 0.187 x 104 O.is4i x 108 = 21 1x 10-5 


It is seen that the resistance curves of the blank systems are approx1- 
mately straight lines in the range of the butanol concentrations which 
interest us most. That they proceed downwards to the left—notwith- 
standing that the electrolyte concentration remains constant — must be 
due to a decrease of the friction between ions and surrounding medium. 


1) The tert-butanol concentration is calculated from the volume of added 
watery medium to the 60 ml mixture. In the 60 ml blank mixtures the initial 
concentration of the tert-butanol is taken 30.3 vol. %, in the phosphatide containing 
mixtures 29.7 vol. % (the stock phosphatide solution contains about 4 % phosphatide 
and thus the tert-butanol present in the initial mixture is less). 
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Indeed in the range of concentrations considered the viscosity decreases 
with decreasing tert-butanol concentration. 

The parts of the resistance curves of the phosphatide containing 
systems lying to the right of the limit clear/opalescent are also nearly 
straight lines and their slopes are less than those of the blank curves. 
In fig. 4 it proceeds close to the blank curve and its slope is not so much 
smaller. In fig. 3 it lies distinctly lower and its slope is appreciably smaller. 
In fig. 2 it proceeds considerably lower than the blank curve and its slope 
has decreased so much further that the curve even descends to the right. 
The above mentioned changes in position and in slope can be explained 
by assuming that the phosphatide when present in clear solution gives 
a positive contribution to the conductivity of the total system. The 
absolute value of this conductivity contribution of the phosphatide will 
be proportional to 1/Qphospn,—1/Qriank: It is seen from the survey that 
this contribution is of the same order of magnitude in fig. 2, 3 and 4 
(Compare first, second and third row in column 5)?). 

The relative position of the clear branch of the phosphatide containing 
system and the blank curve is, however, not determined by the absolute 
value of the conductivity contribution of the phosphatide, but by its 
proportion to the conductivity of the medium. When the medium has a 
large conductivity the branch will lie close to the blank curve (compare 
fig. 4); it will lie lower as the conductivity of the medium decreases 
(compare fig. 3) and the distance will be largest when no electrolyte has 
been added (compare fig. 2). 

But this will not yet explain the change in slope. For this we must 
take into consideration that during the titration with the watery medium 
not only the concentration of the tert-butanol decreases, but also the 
concentration of the phosphatide. 

When the conductivity of the medium is large (fig. 4) or appreciably 
large (fig. 3) the influence of this decrease of the phosphatide concentration 
will only be felt in a decreased slope, the line still ascending to the right. 

When, however, the greater part of the conductivity is due to the 
phosphatide itself (as in fig. 2) the slope will diminish so far that the line 
even descends to the right. 

The above discussion of relative position and slopes of the curves in 
fig. 2, 3 and 4 show that we have to reckon with a positive contribution 
of the phosphatide to the total conductivity at tert-butanol concentrations 
higher than 24 vol. %. We now proceed to a discussion of the sharp 
increase of the resistance of the phosphatide containing systems at tert- 
butanol concentrations lower than 24 vol. %. 

When we had only the measurements of fig. 2 (without added electrolyte) 
there would be no direct objection to supposing that this increase of 


') The measurements are not accurate enough to be certain that the conductivity 
contribution of the phosphatide really decreases somewhat with increase of the 
electrolyte concentration though from a theoretical point of view one would expect it. 
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resistance is due to a change in the conductivity, resulting from the 
phosphatide leaving the solution (opalescent aspect). The phosphatide 
particles might give a much smaller contribution to the total conductivity 
than when the phosphatide is in solution. Compare the value on the 
fourth row in column 5 in the survey. 

It follows from the above supposition that the curve of any phosphatide- 
containing system may proceed at most upward until it has asymptotically 
reached the blank curve (then the contribution of the phosphatide to 
the total conductivity will have become zero). 

We see, however, in the figures 3 and 4 that the resistance curves here 
cut the blank curves. From here on to the left the calculated contribution 
of the phosphatide to the total conductivity appears to be negative 
(compare values on fifth and sixth row in column 5 of the survey). As a 
negative conductivity in itself has no sense, the apparant negative contri- 
bution of the phosphatide to the total conductivity must mean that the 
phosphatide particles which have separated from the solution introduce 
an extra real resistance into the system. This does not exclude that part 
of the observed increase of the resistance is due to the decrease of the 
contribution of the phosphatide to the total conductivity of the system 
as has been suggested above for the experiment without added electrolyte. 

It seems reasonable that the extra real resistance introduced in the system 
will not be restricted to phosphatide systems containing electrolyte, but 
will also occur in the phosphatide system without added electrolyte (fig. 2). 

When the conductivity of the medium is large compared with the 
conductivity of the phosphatide—as is the case with the experiment at 
0,004 N NaCl the observed increase of the resistance must be due for the 
greater part to the above mentioned extra resistance and it is only at 
low electrolyte concentrations and in the case when no electrolyte has 
been added that the first mentioned cause for increased resistance 
(decrease of the contribution of the phosphatide to the total conductivity) 
might play a greater part. 


4. The resistance factor 


Up to now we have used the term increase in resistance but have 
not yet considered how to express it. The difficulty is that the increase 
of the resistance develops over a certain range of the tert-butanol con- 
centration, that is over a range in which the viscosity of the medium 
decreases. One can, therefore, not directly compare the resistance of an 
opalescent system at e.g. 19.5 % tert-butanol with that of the clear 
system at e.g. 24 % tert-butanol. 

This difficulty can be avoided by extrapolating the (practically) straight 
branch of the resistance curve of the phosphatide containing system to 
the left, as designed by the dotted lines in the figures 2, 3 and 4. The 
points on these extrapolated lines represent the resistances that would 
be expected when the opalescence did not occur. We may now compare 
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the actually observed resistance 2, with the resistance 2,,4,, read at the 
same tert-butanol concentration on the extrapolated line. We may thus 
calculate for the whole range of opalescent systems the value 2/Q.ctr. 
which will be called “resistance factor’. We have done this for the experi- 
ments of fig. 2, 3 and 4 and have plotted in fig. 5 the resistance factor 
against the tert-butanol concentration. 
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Fig. 5. Resistance factor curves derived from the figures 2-4. A: no electrolyte 
added, compare fig. 2; B and C: in the presence of 0.0001 N HCl (compare fig. 3) 
and 0.004 mol/l NaCl (compare fig. 4) respectively. 


We observe: 
a. the three curves have the same character 
b. the maximum value of the resistance factor is of the same order of 
magnitude 
c. the maximum is lower as the conductivity of the medium is larger 
(succession A — B -> C). 

It was discussed at the end of section 3 that at low conductivity of 
the medium the increase in resistance will be due to two different causes 
a) to the extra resistance introduced in the system as a consequence of the 
formation of phosphatide particles and b) to the diminished contribution 
of the phosphatide particles to the total conductivity. When, however, 
the conductivity of the medium grows larger and larger the increase of 
the resistance will at last be practically only due to the extra resistance 
mentioned sub a. 

Thus the sequence A — B-»C found in fig. 5 may mean that this 
extra resistance is practically the same and that the diminishing height 
of the maximum is due to the gradual loss of importance of the cause 
mentioned sub b. 

Whether there is some truth in this supposition can be decided by 
experiments in which the resistance factor curves are determined at a 
sufficient number of concentrations of one and the same electrolyte. 
Compare sections 7 and 8. 
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5. Dependence of the resistance factor on the phosphatide concentration 

Whereas the experiments in the preceding section had not yet been 
performed at really constant temperature (though the measurements 
have been corrected for the temperature) those in this and the following 
sections were performed at 21.8°C, during the whole conductometric 
titration. For investigating the influence of the phosphatide concentration 
we have to vary the amount of the phosphatide stock solution in the 
system with which it is started. But as the phosphatide is present in the 
stock solution in a concentration of about 4 gr/100 ml, only 96 % of the 
added stock solution is tert-butanol 91 °%. To obtain an equal ratio tert- 
butanol/water=31 vol. % in the initial systems we have started the 
experiments with the following mixtures: 

Phosphatide concentration (arbitrary units) 1 0.75 | 0.50 | 0.25 | 0.10 


ml phosphatide stock solution in 91 vol. % 


ONb=OUbeHaO lee ae ey es ey ee ee ees en 20.8 |; 15.6 | 10.4 5.2 2.08 
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rials OMe eee ee ee ee ee cane eeae | 10 10 10 10 10 
mol eNaChyz0 sma mol/l 3 yy 5 sen 2s 5 2 30 30 a | ao 30 


These five mixtures with relative phosphatide concentrations of 1; 
0.75; 0.50; 0.25 and 0.10 have been titrated with 20 mmol/l NaCl, 
following exactly the time-addition scheme given in section 2. The results 
of the conductometric titration are given in fig. 6 as resistance factor 
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Fig. 6. Resistance factor curves for a number of phosphatide systems of different 
relative phosphatide concentrations. NaCl cone. = 20 m mol/l. 


346 


as a function of the tert-butanol concentration. The results can be 

summarized as follows: 

1. The first opalescence sets in at the same tert-butanol concentration. 

2. At this same tert-butanol concentration the right ascending branches 
of the resistance factor curves take their origin. 

3 The maxima of the curves lie at about the same tert-butanol con- 
centration, this only shifting somewhat to the right at the lowest - 
phosphatide concentrations. 

4. The maximum of the curve is higher with increasing phosphatide. 

The resistance factor at 20.5 % tert-butanol has been read off (see 
column 2 in table I) and has been plotted in fig. 7, curve B, against the 
relative phosphatide concentration. 


TABLE I 


Resistance factors at some tert-butanol concentrations in the dependence of the 
phosphatide concentration 


Phosphatide First series of experiments | Second series of experiments 


concentration 


at 20.5 % at 15 % at 20.5% | at 18.2% 


tert-butanol | tert-butanol | tert-butanol | tert-butanol 


(arbitrary units) | 


1.00 US oil 1.394 1.67? 1.577 
0.75 1.408 1.25° 1.46% 1.39° 
0.50 1.248 1.14° Ni 1.237 
0.25 | 1.123 LOT Bb he (1.08%) 
0.10 | 1.03° — — — 
| 
curves in figs. 7 and 8 | B D A C 
slope of line in fig. 8 | 1.24 | 1.22 1.27 1.28 


It is seen that (2/2... —1) is roughly spoken proportional to the 
phosphatide concentration. It seems, however, that the curve is slightly 
bent upwards. As to the reality of this detail we were not quite sure. It 
could be the result of experimental errors. After we had gained more 
experience in performing the titration as evenly as possible conform to 
the time-addition scheme, we decided to repeat the investigation of the 
dependence of Q/Q,.,, on the phosphatide concentration. This has been 
done with another phosphatide stock solution the concentration of which 
this time being known by analysis (46.9 m mol/1) *). 

The maxima of the resistance factor curve here too lie approximately 
at 20.5 vol. % tert-butanol, the values lying in this case higher than in 
the first series of experiments. Compare Table I column 4. Obviously the 
concentration of the stock solution is higher here, or the difference must 


1) We here thank Dr. A. E, F. M. Mewer for performing the P-determination 
of our stock solution. The concentration of total phosphatides (mainly lecithin + 
kephalin) from a triplo determination appeared to be 46.89 + 0.24 m mol/l. 
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be sought for in the samples of egg-phosphatides from which we started 
as these had somewhat other properties. 

Once more these maxima when plotted against the phosphatide con- 
centration (also expressed as fractions of the highest) lie on a curve 
which bends slightly upward (fig. 7, curve A). In fig. 8 the logarithms 
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Fig. 7. Resistance factor at 20.5 % tert-butanol as a function of the relative 
phosphatide concentration (A : second series; B : first series). 
Fig. 8. Dependance of log (2/2,.,,—1) on the logarithm of the relative phosphatide 
concentration. (A and B at 20.5 % tert-butanol; C and D at 18.2 % and 15% 
tert-butanol respectively). 


of the values (2/Q2,,.—1) derived from the columns 2 and 4 of the Table 
have been plotted against the logarithms of the relative phosphatide 
concentration. It is seen that the points now lie close to straight lines 
(lines A and B). The slope of these lines has been calculated and we 
obtained 1.24 (first series of experiments) and 1.27 (second series of 
experiments) respectively. 

Columns 3 and 5 of the Table give the resistance factors at lower tert- 
butanol concentrations than 20.5 %, viz. for the first series at 15 vol. % 
and for the second series at 18.2 % (in this series the lowest tert-butanol 
concentration). The logarithms of the values (2/2... —1) have been 
plotted too in fig. 8, and they appear to be once more straight lines, for 
which calculation gave as slopes 1.22 and 1.28 respectively. 

Obviously the nature of the dependence of (2/,,,,,— 1) on the phospha- 
tide concentration is the same at other tert-butanol concentrations as 
at 20.5 %, though the experiments are not accurate enough to give exactly 
the second decimal of the power. Taking the mean of the four above 
mentioned (1.24; 1.27; 1.22; 1.28) as the most probable we thus obtain 


extr. 


the empirical relation 
(2/22 Dek-Ct* 
which for correction purposes will be used in the following sections. 


(To be continued ) 


extr. 


CHEMISTRY, COLLOID 


CONDUCTOMETRIC INVESTIGATIONS ON COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL—WATER MIXTURES 


Is. INCREASE IN RESISTANCE AT THE FORMATION OF 
OPALESCENT SYSTEMS 


BY 
H. G. BUNGENBERG DE JONG anv M. J. LEXMOND 


(Communicated at the meeting of May 25, 1957) 


6. Resistance factor curves corrected to constant phosphatide concentration 

When the resistance factor curves of fig. 6 are plotted in a graph which really 
begins at the origin (i.e. with the tert-butanol concentration zero) it will be seen 
that the branches descending on the left when extrapolated cut the abscissa. 
Compare in fig. 9 the drawn curves. It suggests that the typical increase of resis- 
tance disappears at low enough—though still relatively large—tert-butanol concen- 
trations. 

We have, however, to reckon with the fact that while performing the titration 
we not only lower the tert-butanol concentration but also the phosphatide concen- 
tration. For this reason alone the left branches of the curves must descend to the 
left. With the aid of the relation in section 5) all 2/2... values have been corrected 
to the phosphatide concentration which is present at 24.25 % tert-butanol, that is 
at approximately the concentration where the resistance curves begin to proceed 
upward. 

These corrected curves (dotted in fig. 9) of course proceed higher than the un- 
corrected curves and still show a maximum (though less pronounced and now at 


1.8 rey 22 Se 


S 10 15 20 25 
vol We tert. but. 
Fig. 9. Change in the slope of the left branches of the resistance factor curves 
of fig. 6 (solid curves) after correction (dotted curves). See text. Relative phosphatide 
concentrations are A and A, = 1.00; B and B, = 0.75; C and C, = 0.50; D and 
D, = 0.25; E and E, = 0.10. 
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19.5 % tert-butanol instead of at 20.5 %). It is seen that these corrected curves 
when extrapolated to the left will cut the ordinate. Thus there is in reality no 
suggestion at all left for the supposition that the resistance effect would be limited 
to a certain range of the tert-butanol concentration. 

Another question is whether in the further course of the investigation the 
resistance factor curves must always be corrected. There is no advantage in doing 
so, because the location of a maximum becomes more difficult (the maximum 
being less pronounced) and at most the same information can be gained from their 
use. 


7. Dependence of the resistance factor on the NaCl-concentration 

Starting from another phosphatide stock solution we have made 
conductometric titrations at a number of constant NaCl concentrations, 
the initial mixture being made in the same way as in section 5, following 
the recipe for the relative phosphatide concentration=0.75 and varying 
in the experiments the concentration of the 30 ml. NaCl solution and of 
the corresponding NaCl solution in the burette. Table II contains the 
results, namely the constant NaCl concentration in each titration (column 
1), the tert-butanol concentration at which the first opalescence appears 
(column 2), the tert-butanol concentration at the maximum of the resist- 
ance factor curve (column 3) and the numerical value of the latter at 
the maximum (column 4). 


TABLE II 
NaCl | ae ae Maximum % Q/O (QiOe es aa 
m mol/l | Ce tert-butanol (2/Pextr. max. corrected 
1 | 24.2 | 21 1.435 1.435 
oh 24.2 21 1.435 Tee Das 
10s 24.2 21 1.41 1.41 | ™ 
20 | 24,2 20.5 1.41 Ae 5 
100 23.6 20 1.41 1.435 ¢ 
300 22.2 19 1.38 1.43 = 
600 20.2 V7.8 1.36 1.455 


It appeared that from about 20 m mol/1 NaCl on, a shift of the resistance 
factor curve sets in towards lower tert-butanol concentrations. See the 
columns 2 and 3 of the Table. Parallel with this the maximum value of 
the resistance factor decreases. It is, however, just to be expected that 
the latter decrease occurs, for at a lower tert-butanol concentration the 
phosphatide concentration will be lower. We are, however, interested 
in the maximal resistance factor at constant phosphatide concentration 
and have therefore corrected them with the aid of the empirical relation 
(Q/Q.ie —1)=k-Cl”? (compare section 4). 

As on the first three rows of the table the maxima lies fairly constant 
at 21 vol. % tert-butanol, the resistance factors on the following rows 
have been corrected as to the phosphatide concentration present at 21 % 
tert-butanol. As an example we give the correction for the last row. 
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Experimentally found here is 1.36 at 17.5 % tert-butanol. We must thus 
multiply 0.36 by (21/17.5)!%° and then add 1, which gives 1.45°. The 
values of the last column have been plotted in fig. 10 against the logarithm 


1,60) SL/O2 oy 
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Fig. 10. Maximal resistance factor (corrected) as a function of the logarithm of 
the NaCl concentration (moles/l). 


of the NaCl concentration (in mol/1). It is seen that the points le close 
to a horizontal straight line. As the variation in the 2/Q..,, values certainly 
lie in the possible errors (experimental errors and errors in the position 
of the extrapolation line) and the variations are at random, it may be 
concluded that in the range of 1-600 m mol/NaCl the resistance factor 
is independent of the NaCl concentration. 

Referring to the discussion at the end of section 4, it follows that in 
this range the increase in resistance is due to a real resistance introduced 
into the system as a result of the formation of phosphatide particles. 


8. Dependence of the resistance factor on the CaCl,-concentration 


Starting from another phosphatide stock solution similar experiments 
have been performed at a number of CaCl, concentrations, this time also 
including experiments at very low concentrations and one without added 
salt. The results are given in Table III. 

It is seen that the first opalescence always sets in at the same tert- 
butanol concentration, except at the highest CaCl, concentrations. Here 
a shift similar to that met in the NaCl series just begins to manifest itself. 
This shift is also just indicated at the highest CaCl, concentration used 
in the tert-butanol concentration of the maximum (19.8 °%, whereas the 
mean in the range 1-100 meq/l is 20.4). To correct the experimental 
value of 2/Q,.., to the same phosphatide concentration as present at 
20.4 % tert-butanol we must multiply 0.41° by (20.4/19.8)! and then 
add 1, This gives the value 1.43 in the last column of the Table. 

We see further that the maximum in the absence of electrolyte and 
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TABLE III 
CaCl, si oo | Maximum LOT LO Rarey 2/Qext, 
meq/l! of eee | 9% tert-butanol maximum perce 
0 | 24.3 | 19.4 ) 9 1.68 ie 
0.01 24.3 | 195/ = 1.69 1.73 
0.03 24.3 | Vea g 1.66 1.70 
0.1 24.3 | 19:39) 4 1.67 eal 
O27 9) 24.3 19.7 | 1.55 | 1.575 
0.3 24.3 19.7 | 1.508 | 1.53 
24.3 20.2 | 1.46 | 1.46 
25° || 24.3 20.3 = 1.44 1.44] 
10 24.3 20.3 | A 1.42 1.427 ™ 
12.5 24.3 | 20:5) 3 1.43 4s eS 
50 | 24.3 | 20.6 \ 2 1.45 1.45 | 
1000 23.9 | 20.4 1.44 1.44.) F 
250 23.2 | 19.8 Lay | 1.43 


at very small CaCl, concentrations lies at a somewhat lower tert-butanol 
concentration (mean 19.5 %). For correcting the 2/Q.,,. values in column 4 
to the phosphatide concentration present at 20.4 % tert-butanol we 
have made use of this mean value 19.5 % (the fluctuations around this 
mean being very probably only errors). For correcting the values at 0.2 
and 0.3 meq/l CaCl, we similarly used 19.7 %. 

The corrected /2.,,, values in the last column thus all apply for 
the same phosphatide concentration. They have been plotted in fig. 11 
against the logarithm of the CaCl, concentration (in equiv./l). In this 
figure the value for no added electrolyte has been placed entirely to the 
left though it ought to be plotted at log C 
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Fig. 11. Maximal resistance factor (corrected) as a function of the CaCl, concen- 
tration (equiv./l). 
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The curve has just the shape that can be expected from the discussion 
at the end of section 4. 

At sufficiently high concentration of CaCl, the increase in resistance 
is only due to one factor (a real resistance introduced into the system as 
a consequence of the formation of phosphatide particles). 

In the blank and at very low CaCl, concentrations there is in addition 
a second factor (decrease of the contribution of the phosphatide to the 
total conductivity), as a result of which the resistance factor is higher here. 

Between about 0.1 and 1 meq/I CaCl, this second factor gradually 
looses its importance as a result of the ever growing conductivity of the 
medium. 

In the experiments with NaCl, we found only one level, but this is 
due of course to the fact that we only investigated the influence of con- 
centrations of 1 m mol/l and higher. Here too, we would have found a 
curve of the same type as with CaCl,, if only we had also included in the 
investigation much lower NaCl concentrations than 1 mmol/l. With 
1 mmol/l and higher we are obviously already on the lower horizontal 
branch. Indeed the resistance factor corresponding to the lower branch 
of the CaCl, curve (mean 1.44) is practically the same as that for the 
horizontal line in fig. 10 (mean 1.43). 


9. An optical effect observed on the opalescent system in an alternating 
current field 

With the opalescent, somewhat turbid blank system obtained after 
finishing the conductometric titration (containing 15 % tert-butanol) 
the following observations were made. 

A rectangular cuvette (2 em wide) provided with two parallel Pt 
electrodes (8 x 8mm, I cm apart) is filled with the system and a narrow 
cylindrical beam of light is sent through the cuvette, the Tyndall beam 
passing between the two electrodes. The aspect of the Tyndall beam 
changes when viewed in the right way as soon as an electrical field is 
applied (220 Volt alternating current). Observing the Tyndall beam at 
different angles in a vertical plane, through the beam and parallel to 
the electrodes, one passes two positions, above and below, where the 
intensity of the beam is maximal. Doing the same in a horizontal plane 
one finds on the left and the right a minimum. 

The phenomenon will be studied later, but for the present moment 
it seems safe to conclude that its occurrence gives an indication that the 
phosphatide particles in the opalescent system are anisodiametric. 

It is interesting that the optical effects become weaker as the rate 
with which the opalescent system is made, is greater. We saw already 
in section 2,d, that the increase of the resistance also becomes smaller 
when the rate of dilution is increased. This fact induces us to suppose 
that the relatively large values of increase of resistance for so low con- 
centrated phosphatide systems are connected with the formation of out- 
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standing anisodiametric particles, this being favoured by a slow rate of 
dilution. 


10. Model experiments on the resistance factor 
a. Equipment 


A plexiglass box has been used which contains two Zn-electrodes 
(pushed into groves), of such dimensions that when filled to a height of 
13.0 em the liquid enclosed between the electrodes is cubical in shape 
(13.0 x 13.0 x 13.0 cm), two opposite sides of the cube being formed by 
the Zn-electrodes. As electrolyte was used 0.002 mol/l Zn SO,. The 
resistance had to be measured with a frequency of 1000 Hz (with lower 
frequencies signs of polarisation being observable). A small magnetic 
stirrer on the bottom and a thermometer, provide for uniform and con- 
trolable temperature. 


b. Experiments with spheres of increasing volume 


We begin to fill in exactly the required volume of the Zn SO, solution 
and measure the resistance. Then a glass sphere sealed to a thin plexiglass 
bar is immersed such that the centre of the sphere coincides with the 
centre of the cube and after pipetting out of the box the same volume as 
taken in by sphere + immersed part of the bar), the resistance is 
measured anew. The following survey gives the results at 19.1°C, the 
volume of sphere + bar being expressed at once in percentages of the 
original volume of the liquid enclosed between the Zn electrodes. 


vol. % nas | 0.69 | 1.08 | 1.57 | 2.11 | 2.95 | 3.90 | 5.00 


resistance Q....... | 214 | 215 | 217 | 219 | 221 | 294 | 227 | 230 


When these data are plotted (fig. 12) the experimental points lie close 
to a straight line. When the resistance of the medium is taken 100, the 
calculated slope amounts to 1.58. 
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Fig. 12. Increase in resistance as a result of immersed spheres. The volume of 
the sphere is given in percentages of the volume of the cubical cell. 


1) The immersed part of the bar varied between 1.38 ml (smallest sphere) and 
0.96 ml (largest sphere), the total volume of sphere -+ bar varying between 15.32 ml 
and 110.75 ml. 


24 Series B 
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Thus the extra resistance (expressed as percentual increase of {) 
caused by an immersed sphere is up to 5 vol. °/, practically proportional 
to the volume of the sphere and is numerically approximately 1.6 times 


the volume percent of the sphere. 


c. Transformation of a cube to a series of plates of the 
same volume 

A number of quadratic plates have been made of ‘plexiglass’, the 
dimensions of which (see table; aside, b=thickness) are such that 
they all have the same volume namely 61.7 ml which is 2.81 percent of 
the volume enclosed between the electrodes. A cube of the same volume 
(a—b) completes the set, with which we have virtually studied the 
influence on the extra resistance of the transformation mentioned in the 
title. 

Cube and plates are provided below and above with a thin cylindrical 
plexiglass bar which serve as axis, around which they can be rotated in 
any desired position. The axis rest in a small hole in the centre of the 
bottom of the box and two cover plates each with an indentation in 
the form of a half circle on one side can be pushed together to ensure 
the vertical position of the axis. On the cover-plates a graduated circle 
is etched which allows for reading off of the position of the plate. 

In the table below the angle given is that between quadratic face of 
the plate and a line perpendicular to the electrodes (thus at 90°, the 
plate is placed parallel to the electrodes). 


TABLE IV 
Resistance factors of various plates of the same volume at a number of positions 
Position A B | C D | E F | Gq 
of plate | a=39.52| a=—49.45 ( a=108.6| a=125.0 
(degree) | b=39.52 b=3.95 
0 1.041 1.033 | 1.031 1.028 1.028 | 1.028 | 1.027 
15 1.045 1.041 1.041 1.042 1.043 1.057 ‘1.060 
30.1050 1.050 | 1.064 1.078 1.093 1.118 | 1.180 
45 | 1.059 1.065 | 1.087 1.125 | 1.167 1.219 | 1.383 
60 1.050 1.073 | 1.105 | 1.165 1251 | 1.338 1.672 
75 1.045 1.075 1.120 1.207 | 1.305 1.436 2.007 
90 1.041 | 1.074 1.130 1.223 | 1.334 1.481 | 2.253 
| | 
a/b 1.00 1.96 5.44 10.5 | 16.7 20.8 31.6 


a = side of the plate and b = thickness, both have been given in mm. 


The data have been used in the figures 13A and B for giving the change 
of the resistance factor when we rotate over an angle of 180°, 

It is seen that the plates C-G show a maximum at an angle of 90°. 
With the cube A, however, we obtain maxima at 45° and 135°. Plate B 
gives a transition to the behaviour of the plates C-G. The resistance 
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Fig. 13 A and B. Resistance factor of various immersed plates (cube included) 
at a number of positions. 


factors of the cube oscillates between 1.041 and 1.059, the mean of which 
(1.049) comes close to that which we should expect for a sphere of the 
same volume. With 2.81 vol. % we should expect an increase of the 
resistance of 1.6 x 2.81 %=4.50 %, thus giving aresistance factor of 1.045. 

Thus the transformation of a sphere to a cube of the same volume 
gives only a slight increase of the resistance factor. A distinct rise of the 
resistance factor is obtained, however, by deforming the cube to a quadratic 
plate and this becomes more so as the proportion of the sides to the thick- 
ness increases (compare last row of the table). 

When we consider that the maximum resistance factor of our experi- 
ments with NaCl and CaCl, amounted to about 1.44 for a phosphatide 
concentration in which the volume percent phosphatide/total volume is 
much lower than here '!), the results of the model experiments strongly 
suggest that the anisodiametric phosphatide particles (see section 9) are 
very thin plates. 

It is of course not possible to compare directly the resistance factors 
of the model experiment with that of liquid in which platelets are 
distributed at random positions. In the latter case there is more room 
for the stream lines to bend around the particles, whereas in the model 
they are bound to remain within the wall enclosing the “‘cubical element”. 


1) At 20.2 % tert-butanol the original phosphatide solution of 60.6 ml has been 
brought to a volume of 1.5 x 60.6 = 90.9 ml. Present in it is 15.6 ml of the approxi- 
mately 4% phosphatide solution. The phosphatide concentration is thus only 
15.6/90.9 x 4 = 0.69 gr per 100 ml. 
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In our model the resistance factor increases strongly only when the space 
between plate and wall becomes narrow. In a liquid with particles at 
random positions the increase of the resistance factor with increasing 
a/b will probably be less than the mean resistance increase in our model 
experiments. 

But this will only enforce the above conclusion that the phosphatide 
particles in the opalescent system are present as very thin plates. 


d. Experiments with a special fin 

We must still control that the other obvious possibility of anisodia- 
metric particles, viz. cylindrical particles, does not give rise to large 
increase of the resistance factor. To this end a fin has been constructed 
consisting of 9 cylindrical bars of plexiglass of 9.89 mm diameter (mean), 
each having a length of 8.93 cm, and which can be turned at will round 
a tiny axis going through their middle. The total volume of the cylinders 
is practically the same as of the above investigated plates A—G (61.9 ml). 
We investigated two relative positions of the cylinders a) turned into 
one plane, and b) turned out into three directions making an angle of 
60° with one another. The following survey gives the measured resistance 
factors; compare also fig. 14. 


Cylinders | o° | 15° | s0° | 45° | 60° | 75° | 90° 
turned into one plane ~ 1.054 | 1.082 | 1.119 1.156 | 1.194] 1.212 
turned out at 60° angles . 1,041 | 1.046 | 1.052 | 1.046 | 1.041 | 1.046 | 1.052 


ae 0/0, | 


1,02 
angle 
1,00 5: ms | a A ies. aera eae . Sa POS Wis jens | 
15 30 45 60 75 90 105 120 135 150 165 180° 
Fig. 14. Resistance factor of an immersed fin of special construction at a number 


of positions. Upper curve: cylinders turned into one plane; lower curve: cylinders 
turned out at 60° angles. 
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With the cylinders turned into one plane we thus obtain a distinct 
increase of the resistance factor at 90°, as was expected. Because the 
“plane” is not exactly a square now, and is not massive, the results are 
not directly comparable with those in fig. 13. 

With the cylinders turned out at angles of 60°, however, we obtain 
slight oscillations only (maxima at 30°, 90° and 150°; minima at Oreo On. 
120°), the mean lying at 1.046, which is practically the same value (1.045) 
we calculated sub b) for a sphere of the same volume as the volume of 
the nine cylinders taken together. It is clear from this that a deformation 
of a sphere into a long cylindrical body with the same volume does not 
alter the resistance factor. Thus the anisodiametric phosphatide particles 
in the blue opalescent systems cannot be cylindrical but must be thin 
plates. 


ll. Discussion 

With sufficient conductivity of the medium the resistance factor at 
the same phosphatide concentration was practically the same with NaCl 
and CaCl, in a large range of the salt concentration (NaCl 1-600 m mol/l; 
CaCl, 1-250 meq/l). Compare sections 7 and 8. This combined with the 
results of the model experiments with immersed spheres, plates and 
cylinders (section 10) leads to the conclusion that the phosphatide particles 
in the blue opalescent systems are platelets. The increase in resistance 
has thus a geometrical cause—the stream lines being lengthened by the 
presence of the plate-like particles. 

We now have to consider how the platelets are formed. The fact that 
the resistance factor is lower as the rate of dilution is larger (section 2, d) 
suggest that: 

a. the phosphatide primarily separates as isodiametrical particles. 

b. that at tert-butanol concentrations just beyond the limit clear/ 
opalescent the tendency of the former particles to grow out into 
platelets is at a maximum. 

It seems reasonable to correlate this supposition with the results of 
a previous investigation in which the transition clear-opalescent has 
been studied microscopically '). It is then likely that the primarily 
separated isodiametrical particles do not consist of the smectic phase but 
are very small drops of the P-coacervate, while at its expense platelets 
consisting of the smectic phase are subsequently formed at the boundary 
medium/coacervate drops (compare in the communication cited the 
formation of a “corona” around the P-coacervate drops). Obviously 
it is only at tert-butanol concentrations just beyond the limit clear/ 
opalescent that this formation of thin platelets is most favoured 
(explains the shape of the resistance factor curve upto the maximum). 

Of course many detail problems remain, but we may safely conclude 


1) H. G. BUNGENBERG DE JONG and J. A. G. Davups, these Proceedings, Series 
B 60, 255, 265 (1957). 
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that the conductometric titration is a weleome method of studying the 
smectic phase of phosphatides, especially of those factors which influence 
its outgrowth into plates. 

In following communications the method will prove helpful in studying 
the influence of electrical decompensation of the phosphatide and of 
added organic non electrolytes. 


Summary 


1. When a phosphatide solution in about 30 vol. °%, tert-butanol/water 
is gradually diluted with water, a distinct opalescence sets in at a tert- 
butanol concentration lower than 25%. With further addition the 
opalescence increases which is accompanied by a distinct increase of the 
electrical resistance. 

2. For studying the increase in resistance use is made of the resistance 
factor, that is the quotient of the observed resistance of the blue opalescent 
system and the resistance (found by extrapolation) which would be 
present if the transition clear-opalescent did not take place. 

3. The resistance factor depends on the rate of dilution and to obtain 
comparable results it is necessary to keep to a standardized time addition 
scheme. 

4. The increase in resistance is in general due to two different causes 
a) to the extra resistance introduced in the system as a consequence of 
the formation of phosphatide particles and b) to the diminished contri- 
bution of the phosphatide to the total conductivity. 

5. When the conductivity of the medium is sufficiently increased by 
the addition of a neutral salt, the increase in resistance is due only to 
cause a). 

It then appears: 

a. The increase in resistance at constant salt concentration (20 mmol/l 
NaCl) is proportional to a power of the phosphatide concentration 
which is slightly larger than 1, viz. approximately 1.25. 

b. the increase in resistance is independent of the salt used to increase 
the conductivity of the medium (NaCl, CaCl,), and independent of the 
salt concentration (1-600 m mol/l NaCl; 1-250 meq/l CaCl,). 

6. An optical effect in the electric field observed on the opalescent 
system suggests that the phosphatide particles are anisodiametrical in 
shape. 

7. Model experiments in which the inerease in resistance of a salt 
solution is studied as a consequence of immersed spheres, plates and 
cylinders lead to the conclusion that the anisodiametrical phosphatide 
particles in the blue opalescent systems must be thin plates. 

8. The increase in resistance of the phosphatide system when gradually 
lowering the tert-butanol concentration has thus a geometrical cause, the 
stream lines being lengthened by the formation of plate-like particles. 
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This explains the independence of the salt used and its concentration 
mentioned sub 3. 


9. The conductometric titration is a welcome method of studying the 
formation of the smectic phase of phosphatides, especially of the factors 
which influence its outgrowth into plates. 


Note at the correction. 


Only recently we became aquainted with the existance of theoretical work on the 
resistance of suspensions of spheres, oblate and prolate spheroids. Compare for 
instance S. VELIcK and M. Gorry, Journal of General Physiology 23, 753 (1940). 
The work goes back to J. C. Maxwell (Treatise on electricity and magnetism, 1873) 
who gave a formula for suspensions of spheres: 


(k/k,) —1 ae (kp/ky) —1 

(k/ky) +2 ~ (kk,/k,) +2 
in which g is the fraction of the volume occupied by the spherical particles, k, k, 
and k, are the specific conductances of the suspension, of the medium and of the 
particles respectively. 

For non-conducting particles (k, = 0) the formule of Maxwell may be written: 

r/ry = 1+ 1.5 9/(1—2) 
in which r and r, are the specific resistances of the suspension, and the suspended 
particles respectively. 

It is seen that when 9 is small the deviations from a linear relationship between 
r/r, and 9 are but small. We found in fig. 12 for values of g from 0 up to 0,05 within 
the experimental error a straight line. When we calculate r/r, for @ = 0,05 with 
the aid of the slope of this line, we find r/r,; = 1 + 1,58 x 0,05 = 1,079. 

The same value is obtained from the formula of Maxwell: 


r/r; = 1 + (1.5 xX 0,05)/(1 — 0,05) = 1,079. 


There is thus a satisfactory agreement. 
Velick and Gorin extended the formula of Maxwell for non-conducting particles 
to ellipsoids, and came to the expression 


Fee ip! 
E (2/t,) Laat 
in which f is a factor which depends on the ratio of the three axis of the ellipsoid and 
on its orientation. 
For our purpose this formula may be written: 


r/r; = 1 + f-e/(1—e). 

Velick and Gorin give a table for f at various ratios of the three axis and at different 
orientations. When we extrapolate the f values for random orientation of spheroids 
(two axis equal) it appears that the limiting value of f for oblate spheroids is 
probably c and for prolate spheroids 1?/,. Thus the transformation of a sphere 
(f = 1,5) to a prolate spheroid has only a very small effect on the resistance of the 
suspension, the transformation to an oblate spheroid may give rise to a large increase 
of the resistance. Though in our model experiments we have not taken spheroids, 
the results in section 10, c and d, give the same great difference. Transformation 
of a sphere to a rod has only a slight influence, whereas transformation of a sphere 
to a quadratic plate gives rise to a pronounced increase of the resistance. 
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CONDUCTOMETRIC INVESTIGATIONS ON COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL—WATER MIXTURES 


II. INFLUENCE OF THE pH, OF Na-LAURYLSULFATE AND OF SOME 
LONG CHAIN NON-ELECTROLYTES ON THE INCREASE IN RESISTANCE 


BY 


H. G. BUNGENBERG DE JONG anp M. J. LEXMOND 


(Communicated at the meeting of May 25, 1957) 


1. Introduction 

In part I of this series a start has been made with the study of the 
increase in resistance which accompanies the formation of opalescent 
systems when a clear solution of egg-phosphatides in 30 vol. % tert- 
butanol is diluted gradually with water. By investigating this increase 
in resistance in the absence and presence of neutral salts (NaCl, CaCl,) 
in increasing concentrations the composite nature of the above mentioned 
increase in resistance became clear. The increase in resistance is in general 
due to two different causes a) to the extra resistance introduced into the 
system as a consequence of the formation of phosphatide particles, and 
b) to the diminished contribution of the phosphatide, present in particles, 
to the total conductivity. 

Already at a relatively small salt concentration (1 m mol/1l NaCl; 
1 meq/1 CaCl,) factor b) is abolished and thus the increase in resistance 
is due only to cause a). It appeared that above these small salt concen- 
trations the percentual increase in resistance is independent of the salt 
used (NaCl, CaCl,) and independent of the salt concentration (1-600 m 
mol/1 NaCl; 1-250 meq/1 CaCl,). It appeared further that the opalescent 
systems contain anisodiametric particles and from model experiments 
that the relatively high increase in resistance can be explained only by 
assuming that these particles are plates. The increase in resistance 
has thus a geometrical cause, the stream lines being lengthened by the 
formation of plate-like particles. 

The observation that the increase in resistance only comes to full 
development when the rate of dilution is slow, combined with the results 
of a previous microscopical investigation 1), lead to the conclusion that 


*) Part I of this series has been published in these Proceedings, Series B 60, 
337-359 (1957). 

1) H. G. BuNGENBERG DE JonG and J. A. G. Davips, these Proceedings, Series 
B 60, 255, 265 (1957). 
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the phosphatide primarily separates as very small P-coacervate drops, 
which subsequently grow out into thin plates of the smectic phase. 

The conductometric titration—provided it is performed in media of 
sufficient conductivity —is thus a method of studying the formation of 
the smectic phase of egg-phosphatides, especially of the factors which 
influence its outgrowth into thin plates. This outgrowth is obviously not 
influenced by NaCl (1-600 mmol/l) and CaCl, (1-250 meq/l), as the 
percentual increase in resistance was the same. In the present com- 
munication we will meet with factors which do have a strong influence 
on the increase in resistance and thus profoundly alter the tendency of 
the smectic phase to grow out into thin plates. 


2. Methods 


For a description of the preparation of the stock solution of purified 
egg-phosphatides (50 m mol/l in 91 vol. % tert-butanol), of the experi- 
mental equipment, the technique of measurement and the method of 
expressing the results (2/Q..,, =the resistance factor) we refer to Part I 
of this series. In the present investigation we wanted to keep rigidly to 
the standardized time-addition scheme and moderate intensity of stirring 
given in Part I to allow for a full reproducible development of the 
increase in resistance during the conductometric titration. 


3. Dependence of the resistance factor on the pH 


The resistance factor for the blank phosphatide system being determined 
by the causes a) and b) mentioned in the introduction, will by addition 
of small electrolyte concentrations be decreased because b) is abolished. 
This will take place not only with NaCl or CaCl, (compare part I of this 
series) but also with small HCl or NaOH additions. As we are interested 
in the influence of the pH on cause a) only, it follows that it will be no 
good investigating the influence of increasing additions of HCl or NaOH 
starting with the blank phosphatide system. Even when the pH had no 
influence on cause a), we would find that the resistance factor decreases 
both with small HCl or NaCl additions, because just as with small NaCl 
or CaCl, additions the conductivity is increased. The resistance factor 
will thus be found highest at the pH of the blank phosphatide system 
(about pH 5.5). But this is only an apparent pH influence, which has 
nothing to do with the dissociation of acidic or basic groups of the 
phosphatide, but solely with the abolishment of cause b). 

It will be clear that for the investigation of the influence of the pH 
on cause a) we must provide for a sufficient conductivity in the whole 
range of the pH which will be investigated. 

Therefore the influence of added HCl and NaOH has been investigated 
in the presence of a constant NaCl concentration of 10 m mol/l. Only 
one titration (at pH 2.29) has been made without NaCl, namely at 0.005 N 
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HCl constant, which is safe from the point of view of a sufficiently large 
conductivity. 

We prepare the initial phosphatide mixture in the usual way. 

15.6 ml 50 mmol/l phosphatide in 91 °% tert-butanol. 

5 ml tert-butanol 91 %. 

10 ml H,O or HCl or NaOH solution. 

30 ml NaCl 20 m mol/l. 

These systems are titrated at 21.8° with 10 m mol/l NaCl in water in 
the case of the blank and of the NaOH containing mixtures +). In the 
latter case it is not advisable to titrate with NaCl 20 m mol/l containing 
the same NaOH concentration, as then the pH will continually change 
during the titration. In the titrations of phosphatide to which HCl has 
been added it is, on the contrary, necessary to titrate with 20 m mol/l 
NaCl containing HCl in the same concentration as present in the phospha- 
tide mixture (when we leave out HCl here, the pH will change during 
the titration). The pH has been measured after finishing the titration, 
the tert-butanol concentration then having decreased to 15 %. 

The results are given in Table I. 


TABLE I 
Influence of the pH on the resistance factor 

| First opal. Tert-but. % Resistance Resistance 

pH mixture | at factor at | factor max. 

tert-but. % maximum maximum (corrected) 

Se ee Se 

2.29 24.2 20.5 | ce: 1.456 | 1.45° 
3.36 24.2 20.4 |] a | 1.438 | 1.435 
5.42 | 24.2 20.6 ( 3 1.449 | 1.445 
7.58 23.9 | a) g 1.44 | 1.44 
9.01 | 23.0 19.9 1.355 1.37 
9.62 29.7 | 19.8 1.25 1.26 
10.47 21.4 19.1 1.09 1.10 
BES 18.9 La.0 1.015 1.02 


The table shows that no pH influence is detectable between pH 2.29 
and 7.58 (the variations in the columns 2, 3 and 4 being in the order of 
the error). At higher pH the values in the columns 2, 3 and 4 decrease. 
It is therefore necessary to correct the resistance factors found for the 
last four pH values for the decrease of the phosphatide concentration. 
(See Part I of this series section 5 for formula used and sections 6, 7 and 8 
for examples of this correction.) Fig. 1 gives the corrected resistance 
factors (column 5) as a function of the pH. It is seen that the resistance 
factor is in a large range of the pH independent of the pH, but between 
7.5 and 11.2 it decreases to a value only slightly larger than unity. 


‘) In the experiments with added NaOH the initial phosphatide mixture 


contained 10 ml of the following NaOH concentrations: 0.005 N; 0.0075 N; 
0.01 N; 0.02 N and 0.05 N. 
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in this laboratory A. DE Bakkpr has determined pH-titration curves 
of egg-phosphatides at a number of tert-butanol concentrations ') and 
has found the following values for the pK of the NH, group of kephalin: 
9.8 at 81 vol. % tert-butanol, 9.7 at 62 vol. % tert-butanol and 9.6 at 
44 vol. % tert-butanol. The pK thus decreases somewhat with decreasing 
tert-butanol concentration and at 20 % tert-butanol concentration the 
pK would be about 9.5. As this pH lies about the middle of the pH range 
in which in fig. 1 the resistance factor decreases from its level of 1.44 


1,60 gras extr 
1,40 , 
1,20 
pH 
2 4 6 8 10 12 


Fig. 1. Influence of the pH on the resistance factor. 


towards 1.02 we may conclude that this decrease is caused by the loss 
of the dissociation of the NH,-group of kephalin. Thus kephalin will in 
this range change from an amphion into an anion, and we may also say 
that the above decrease is due to the electrical decompensation of the 
kephalin. Now lecithin and kephalin are present in egg-phosphatide in 
about the ratio 4: 1 and this mixture as a whole determines the colloid 
chemical behaviour. Thus we may express it more generally by saying 
that an electrical decompensation of only 20% already totally sup- 
presses the formation of such kinds of particles which introduce an 
appreciable extra resistance in the system. 


4. Influence of Na-laurylsulfate on the resistance factor 

To control the generalisation made at the end of the preceding section 
we have investigated the influence of Na-laurylsulfate. We know from a 
former investigation that Na-laurylsulfate by its uptake in the phospha- 
tide micelle brings about electrical decompensation *). As salt of a strong 
acid it will not alter the pH. 

For this investigation we started from the same analyzed phosphatide 


1) A. pE Baxxer, Thesis Leiden, 1956. 
2) H. G. BuNGENBERG DE JonG and A. DE BAKKER, these Proceedings, Series 


B59, 149 (1956). 
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stock solution in 91 vol. % tert-butanol as was used in Part I, section 5, 
containing 46.9 m mol/l phosphatide. The mixtures contained 15.6 ml 
of this stock solution + 5 ml solution of Na-laurylsulfate of known strength 
in 91 vol. % tert-butanol+10 ml H,O+30 ml NaCl 20 m mol/l. The 
mixtures were titrated with 10 m mol/l NaCl at 21°8. 

In table II below we give at once the ratio mol Na-laurylsulfate/mol 
phosphatide in the mixtures that have been investigated. 


TABLE II 


Influence of Na-laurylsulfate on the resistance factor 
om 


mol Na-laurylsulfate First opal. | Maximum Resistance | Resistance 
: mixture | at factor at | factor at max. 
mol phosphatide % tert-but. | % tert-but. maximum (corrected) 
0 23.9 | 20.6 1.465 =| 1.468 
0.061 23.6 19.8 1.405 1.425 
0.123 23.0 19.1 1.305 Las" 
0.246 21.6 18.9 1.068 1.07 


Fig. 2 gives the resistance factor curves, from which have been read 
the data in columns 2, 3 and 4 of the Table. Column 5 gives the resistance 
factors at the maxima of the curves after correction to the phosphatide 
concentration present at 23.9 °% tert-butanol. 


QL extr 1,6 tT Ag pe 

es: 
1.4 

as) 
1.2 ; 

1.1 

is \ “Atert. but. Q 
20 25 30 0.1 0,2 03 


Fig. 2. Influence of increasing ratios Na-laurylsulfate/phosphatide (B — D) on 
the resistance factor curves. 
Fig. 3. Influence of increasing ratios Na-laurylsulfate/phosphatide (Q) on the 
corrected maximum of the resistance factor curves of fig. 2. 


The results show (compare fig. 3) that the resistance factor is strongly 
decreased by Na-laurylsulfate. At the highest investigated ratio (about 
0.25) the value (Q/Q...,—1) has been decreased to about 15 % of its 
original value (100 x 0.07/0.465). In fig. 1 the same decrease is reached 
only after having increased the pH to a value between 10.5 and 11.2. 
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This is a strong argument in favour of the generalisation at the end of 
the preceding section, viz. that the decrease of the resistance factor is 
caused by electrical decompensation. In this connection it is interesting 
that the electrical decompensation brought about by Na-laurylsulfate 
at the highest investigated ratio is not far off from that brought about 
by complete suppression of the ionisation of the NH, group of the kephalin. 

At the ratio 0.246 we have 1 positive charge of the phosphatide and 
1.246 negative charges of the phosphatide and laurylsulfate. By defining 
the degree of electrical compensation as the quotient of the charges of 
that sign which are present in smaller number and the charges of the 
opposite sign, we obtain here 1/1.246=0.80. When on the other hand the 
dissociation of the basic group of kephaline has become completely sup- 
pressed and taking into account that in egg phosphatide we have 4 lec : 
1 kephaline, we will have 4 positive charges (from lecithine) and 5 negative 
charges (from lecithine+kephaline). Thus here the degree of electrical 
compensation will be 4/5=80 % too. 


Still the decrease of the resistance factor with Na-laurylsulfate to 1.07 has 
obviously not reached its maximum value at the ratio 0.246, but this may be due 
to the Na-laurylsulfate not beimg totally taken up in the phosphatide micelle in 
the 20 % tert-butanol medium (though in purely watery medium it is completely 
taken up). The above calculated value of 0.80 for the degree of compensation is 
then a too low value and the fact that we did not obtain a decrease of the 
resistance factor to 1.02 but only to 1.07 may thus find an explanation. 


5. Some preliminary experiments on the influence of long chain non- 
electrolytes 

In the preceding section the expectation became true that Na-lauryl- 
sulfate has a similar depressing action on the resistance factor curve as 
increase of the pH. Nevertheless there is still room left to doubt that the 
action of Na-laurylsulfate is primarily due to electrical decompensation 
at the surface of the micelle. We have to consider that the phosphatide 
micelle is composed of molecules having two long chains, whereas the 
penetrating laurylsulfate anion has only one. It might, therefore, be 
supposed that the depressing action of laurylsulfate is partly or even 
mainly due to the disorder brought about in the interior of the phosphatide 
micelle. 

A decision in this alternative (electrical decompensation or internal 
disorder) can be obtained by investigating the influence of polar long 
chain non-electrolytes, which can be expected to take up a similar position 
in the phosphatide micelle as the laurylsulfate anion. A few preliminary 
experiments have, therefore, been made with n-decanol and oleylalcohol 
(long chain molecules with a strong polar group) and with the hydrocarbon 
cetene=n-hexadecene (long chain molecule with weak polar group). 

We prepared four mixtures containing 15.6 ml phosphatide stock solution 
in 91 % tert-butanol +5 ml tert-butanol 91 % + 30 ml NaCl 40 m mol/l+ 
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10 ml H,O, the first of which—serving as blank—was titrated with 
NaCl 20 m mol/l. See fig. 4 (the arrow in this and the other figures gives 
the direction in which during the titration the resistance factor curve is 
followed). The three other mixtures were titrated too with NaCl 20 mmol/l 
after having dissolved in them a known quantity of cetene (n-hexadecene), 
oleyl alcohol or n-decanol respectively. As the phosphatide solution has 
not been analysed the exact molecular ratios cannot be given but they 
are not far from 0.5 (non-electrolyte/phosphatide) '). 


3.0 SUD cae 3.0 Leagan 


NaCl 20m mol/L NaCl 20m mol AL 
es 


cetene 


of tert. but y, “tert. but. 


15 20 25 30 "45 20 25 30 


Fig. 4. The resistance factor curve of the blank phosphatide system. 
Fig. 5. Influence of cetene (ratio 0.46) on the resistance factor curve. The blank 
curve of fig. 4 is given dotted. 


The resistance factor curves are given in the figures 4-7. The results 
show that long chain non-electrolytes in any case do not have a depressing 
influence on the height of the resistance factor curve as Na-laurylsulfate 
(compare fig. 2) but act in a quite different way. It is thus all important 
for the depressing influence of Na-laurylsulfate that the long hydrocarbon 
chain penetrating in between the hydrocarbon chains of the phosphatide 
carries at its end an ionized group. 

As to the above mentioned alternative (electrical decompensation or 
internal disorder) we may conclude: 

a. the depressing influence of Na-laurylsulfate is really due to the 
electrical decompensation of the charge pattern at the surface of the 
phosphatide micelle. 

b. the above alternative was not formulated adequately, as long chain 


1) Assuming the phosphatide concentration of the stock solution to be 50 
m mol/l, the molecular ratios are cetene = 0.46; oleylaleohol = 0.46 and n-decanol = 
0.51 
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Figs. 6-7. Influence of oleylalcohol (ratio 0.45) and n-decanol (ratio 0.51) on the 
resistance factor curve. The blank curve of fig. 4 is given dotted. 


non-electrolytes may (in a certain range of the tert-butanol concentration) 
increase the resistance factor considerably. 

This points rather to an increased order in the phosphatide micelle 
than to a disorder (see further Discussion). 


6. Details concerning the influence of long chain non-electrolytes 
We will now proceed to consider in which points the addition of the 
non-electrolyte brings about modifications and will bring them under 


three headings. 


1. Shift of the resistance factor curve in horizontal direction 
With the blank (fig. 4) the resistance factor begins to increase above unity just 
after passing the limit clear/opalescent. With a long chain non-electrolyte present 
we first pass at decrease of the tert-butanol concentration a milky turbid region 
(shaded blocks on the abscissa on the figures 5-7) in which the resistance factor 
still remains about unity. Near the left limit of the milky region the resistance 
factor begins to increase above unity. As the tert-butanol concentration at which 
the left limit of the milky region is situated may lie at a higher or a lower tert- 
butanol concentration than that of the limit clear/opalescent of the blank, the lower 
part of the right ascending branch of the resistance factor curve may proceed 
upwards to the right of that of the blank (cetene, fig. 5), somewhat to the right 
(oleylalcohol, fig. 6) or to the left of it (n-decanol, fig. 7). These shifts can also be 
observed in the relative positions of the left branches of the resistance curves. 
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(For comparison reason the resistance factor curve of the blank has been designed 
dotted in the figures 5-7). 


2. Modification in shape of the resistance factor curve 

The resistance factor curve of the blank is a simple curve with a flat maximum 
(fig. 4). This shape is considerably changed by long chain non-electrolytes (fig. 5, 
6, 7). Along the right ascending branch a gradual increase in resistance is built 
up (200-250 %) which may be 4 or more times higher than the increase (46 %) 
at the maximum of the blank curve. At last, however, this high increase becomes 
unstable and collapses to values more comparable to those of the blank, though 
the resistance factor is still higher. After this collapse a curve is followed to the 
left which has the same character as the blank curve, but only proceeding on a 
somewhat higher level. 


3. Pronounced influence of stirring on the resistance 


On the lower half of the right ascending branch of the resistance factor curve 
of the blank there are slight differences between the resistance measured at rest 
(Q,) and the resistance measured while stirring (2,,). As a rule 2, is here only 1-2 % 
higher than Q,,. These differences disappear before we have reached the maximum 
of the curve and are also not present on the left branch of the curve. 

In the presence of a polar non-electrolyte distinct and even large differences 
(up to 10-20%) may be present on the whole right ascending branch of the 
resistance factor curve. Compare in fig. 5-7 the relative position of the solid line 
(2,/Qextr,) and the broken line (2,,/Q.,4,). We see that in fig. 5, 6 and 7 at the 
lower part of the right ascending branch 2, is lower than 2., (thus just the reverse 
as with the blank). Higher up the branch this difference may remain up to the top 


of the peak (fig. 6) or may change to the reverse (Q, > 2,) as in fig. 5 and 7. 
On the branch to the left of the collapse of the peak these differences are no longer 
present, 2, and 2,, being equal in the same way as on the branch of the blank curve. 


Of the above three points the first is not an entirely new problem. 
In a previous communication we have already studied the separation 
phenomena occurring in tert-butanol containing phosphatide solutions 
by several long chain alcohols and by cetene?). From the results it may 
be concluded that the milky regions occurring in the fig. 5-7 contain 
droplets of the O-coacervate and that adjacent to the left of the milky 
region, the P-coacervate is present (at rest, but disappears when stirring). 
In the preceding part of this series it was already suggested that in the 
case of the blank the phosphatide primarily separates as small P-coacervate 
drops which are not stable here and which subsequently changes into 
small plates of the smectic phase. This suggestion is much supported by 
the fact that in the fig. 5-7 the resistance factor begins to increase above 
unity just at the left limit of the milky turbid region, thus at the place 
where the O-coacervate makes place for the P-coacervate. 

The facts mentioned as points 2) and 3) place us before new problems. 
Unfortunately they have reference in each of the figures 5-7 only to one 
ratio polar non-electrolyte/phosphatide. Several of the detail points 
(e.g. tert-butanol concentration at which the peak is situated, height of 


1) H. G. BUNGENBERG DE Jone and J. A. G. Davins, these Proceedings, Series 
B 60, 255, 265 (1957). 
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the peak, the ratio Q,/Q.) may be—and as further experience has taught 
us—are dependent on this ratio. For this reason we will not yet try to 
explain the detail points here, but will in the next communication first 
investigate with two polar non-electrolytes the influences of the ratio non- 
electrolyte/phosphatide on the resistance factor. 


7. Discussion 

It seems reasonable to suppose that the outgrowth of the smectic phase 
into thin plates will be most favoured when the bimolecular layers of 
which it is composed carry at their surface an equal number of positive 
and negative charges. The decrease of the resistance factor with increase 
of the pH (section 3) or with added Na-laurylsulfate (section 4) is thus 
easily understood without more (electrical decompensation). 

To explain that long chain non-electrolytes may increase considerably 
the resistance factor (section 5) requires a more detailed consideration of 
bimolecular layers consisting of phosphatide molecules. It is known from 
spreading experiments that hydrolecithin at zero compressing takes up 
a molecular area of 52 A?, whereas the cross-section of one hydrocarbon 
chain (from spreading experiments of fatty acids, etc.) is 20.5 A?1). 
It follows that in the bimolecular plates of the smectic phase of lecithin 
(being about 80 % of the egg-phosphatides) the most favourable position 
of the phosphate-cholin groups (both charges lying in the same plane) 
and of the long chain hydrocarbon chains (tightly packed) cannot be 
realised at the same time (fig. 8A). Thus either the charges lie in one 
plane, but then the hydrocarbon chains must crinkle up more or less to 
make contacts (fig. 8B) or the hydrocarbon chains are tightly packed 
but then the positive charges must be pushed out of the plane of the 
negative charges (fig. 8C). Presumably an intermediate state between the 
two extremes applies for the smectic phase of lecithin (fig. 8D). Assuming 
that the tendency of the smectic phase to grow out into thin plates is at 
maximum when the order in the bimolecular plates is as good as possible, 
the increase of the resistance factor by long chain electrolytes may then 
find in principle an explanation. By the uptake of a suitable amount of 
molecules of a long chain non-electrolyte the relative disorder in the 


MM 
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Fig. 8. Schemes used in the discussion of the increase of the resistance factor 
by long-chain non-electrolytes. 
1) N. K. Apam; The Physics and Chemistry of Surfaces, third edition, 1941, 
Oxford University Press; compare Table III. 
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bimolecular phosphatide layers can be removed. Compare fig. 8, scheme E, 
in which the hydrocarbon chains are closely packed and at the same time 
the positive and negative charges are arranged in one plane. 


8. Summary 

1. With the method developed in Part I of this series, the investigation 
of the factors which have influence on the outgrowth of the smectic phase 
into plate-like particles is continued. To ensure that changes of the 
resistance factor only mean changes in the tendency of the outgrowth 
into thin plates, the investigations have been performed at a sufficient 
NaCl concentration (10 or 20 m mol/l NaCl). 

2. In a large range of the pH (2.3-7.6) the resistance factor is in- 
dependent of the pH. At higher pH (beginning between pH 7.6 and 9.0) 
the resistance factor decreases and between pH 10.5 and 11.2 it has been 
lowered to a value slightly above unity, which means that here the smectic 
phase no longer forms plate-like particles. From.pH-titration curves it is 
found that the pK of the NH, group of kephalin must lie at about pH 9.5 
at 20 % tert-butanol. It is concluded that electrical decompensation at 
the surface of the phosphatide micelle may lead to a suppression of plate- 
like particles. 

3. Electrical decompensation should also be brought about by the 
uptake of long chain electrolytes (without change of the pH). Indeed, 
the decrease of the resistance factor to a value close to unity is brought 
about by Na-laurylsulfate. The necessary ratio laurylsulfate/phosphatide 
is not very different from that calculated from the proportion kephalin/ 
lecithin in the egg-phosphatide. 

4. As a control that the action of Na-laurylsulfate is really due to 
electrical decompensation, and not the consequence of its long hydrocarbon 
chain penetrating into the phosphatide micelle, the influence of a number 
of long chain non-electrolytes (oleylaleohol, n-decanol, cetene) has been 
investigated (at one ratio non-electrolyte/phosphatide). They certainly 
exert quite another influence than Na-laurylsulfate, no decrease of the 
resistance factor taking place, but just the reverse. 

5. A description has been given of the peculiar modifications of the 
resistance factor curve by the long chain non-electrolytes. A provisional 
theory has been given for the main effect (the much increased resistance 
factor). 

Department of Medical Chemistry 
University of Leiden 
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TEKTITES FROM JAVA 
BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of June 29, 1957) 


The tektites (SuEss 1900) comprise a group of relatively small bodies 
of natural glass, which according to their shape and distribution most 
probably are of cosmical origin. They are well known from the indonesian 
region where they have been described from Borneo (WICHMANN, 1893), 
Billiton (van Disk, 1879) and the Natuna-Islands (KRAUSE 1898). 
Already VERBEEK has mentioned two tektites from Java (1897, pg. 246) 
but both specimens most probably do not belong to this category. It was 
before 1934, that we discovered in the region of Sangiran about 15 km 
north of the town of Surakarta in Central Java, tektites in the Trinil 
Layers (von KoEniGswaLp 1935), wellknown for their fossils and the 
remains of Pithecanthropus. Up till 1940 a large collection could be 
made partly for the author (the research in the Sangiran region was 
made possible by a personal grant from the Carnegie Institution of 
Washington), partly for the Geological Survey. The latter collection with 
many additions is kept in the Museum of the Geological Survey, Bandung, 
Java. 

Of my own collection part was lost during the war. Smaller series 
have been given away, among others to the late Prof. Lacrorx in Paris, 
to the Geologisch Rijksmuseum, Leiden (Martin, Koomans), to Prof. 
HEIDE in Jena (1939), and to our friend Prof. OTLEY BryEr in Manila, 
with whom we have closely collaborated for many years. So several 
publications on tektites have already dealt with javanese material. Here 
for the first time we will give a survey of the types we can distinguish 
among the javanese tektites, for which the name “Javanites”’ is proposed. 


Distribution, size and geological age 

The first site from where tektites have been described from Java, is 
the surroundings of Japara in north Central Java. From here VERBEEK 
(1897) mentions two specimens, a black and a yellow one. The last one 
seems to be not a tektite, but a large cristal of Leucite. 

The only specimen in our collection said to be from Japara was 
presented to us by our old friend, the late R. M. P. Sosro Karrono. 
The specimen, here figured in fig. 1, is round with flow marks and some 
funnel-like impressions at one end. The surface is smooth and of a very 
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bright lustre. No comparable specimen has been found in Sangiran. Its 
weight is 29 gr. 

At Sangiran the first tektites were found in December 1934 (VON 
KonNIGSWALD 1935). They were discovered in gravels on the hill north 
of Ngebung. Once they had been recognized, they were found in the 
whole region of Sangiran by our indonesian collectors, but only in the 
uppermost part of the Trinil Layers. No special horizon could be found, 
they seem to occur in the gravels as well as in the tuffaceous sandstones 
in relatively large quantities. According to a record we kept for the 
Geological Survey, in 1939-40 about 1200 specimens were obtained for 
our collections, which would be an average of 100 a month. 

Most specimen are irregular in size and small, weight about 20 gr or 
less. Large specimen are rare; the two largest in our collection are 325 gr 
and 206 gr respectively. The first is egg-shaped with some protrusions, 
pitted surface and apparently rolled and damaged; the second (fig. 2) 
shows many cracks, flowlines and navels. Some fragments indicate much 
bigger specimen (estimate 1000-1500 gr), but these have never been 
found during our work in that region. 

The largest tektites from Billiton are 80 gr; according to Wina Easton 
50 % is less than 10 gr and 85 % less than 30 gr (1922). We have about 
the same ratio in Java. The largest Australite recorded is 218 gr, while 
the average is only about 6-8 gr (FENNER, 1934). Two large tektites 
from the Malay Peninsula are 464 gr and 316 gr respectively (SCRIVENOR 
1916). The largest specimen (1080 and 1060 gr) come from Paracale, 
Camarinas Norte, Philippines. ““More specimen of above 300 grams 
weight have come from this area than from all other known tektite regions 
combined (BEYER 1955, p. 17). — The large quantities of tektites in the 
Philippines (according to BEYER 1955, p. 19, more than 100,000 specimens 
have been collected from the Pugad Babuy area alone) and the con- 
centration of large specimen point to the fact that this might be the 
central region in the distribution of the Pleistocene tektites in the 
australasiatic region. 

In the surroundings of Sangiran the tektites occur only in the uppermost 
part of the Trinil Layers, which are regarded to represent the Middle 
Pleistocene of Java. Trinil Layers also crop out at the flanks of the Gunung 
Muriah near Japara, especially in the mountains of the Patih Ajam, 
so that both localities from which tektites are known in Java are of the 
same geological age. 

After the Pan Pacific Congress in Manila in 1953 the author was able, 
supported by his old friend Prof. O. Bryer (Manila) and the Research 
Council of the Philippines, in the pleasant company of Mr. Larry WILSON 
of Baguio to visit the Island of Anda (Cabarruyan Island), situated in 
the Gulf of Liugayen north of Manila, from where remains of a fossil 
elephant had been reported (von KomnigswaLp 1956). Here we did not 
only discover remains of Stegodon and of specialised Elephas, but also 
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a peculiar type of tektites, which has been called the “Anda type” by 
O. Bryer (1935). They represent the most complicated and bizarre type 
of tektites known up till now (pl. IV, lower row; also Bryer 1955, pleaVvVilLy: 
Among the Anda specimen also occurs a type, which is indistinguishable 
from certain “Americanites” described by Barnes from Texas (1940, 
fig. 28 and 31), as first noted by Bryer. 

In apparently the same layers on the mainland of Pangassinan we 
found near Bolinao (distance from Anda about 50 km) a completely 
different group of tektites, belonging to the normal Rizalite Type” of 
Bryer, indicating two different provinces of tektites in the same region. 

According to a personal communication Mr. L. Witson only last year 
discovered in layers with the same faunal association as on Anda, tektites 
in northern Luzon. We hope to investigate this region in the near future. 

Anyhow the observations lead us to the conclusion that the tektites 
in Java and Luzon are of the same geological age, viz. the Upper Middle 
Pleistocene, and that the same apparently seems to be the case for all 
the sites in South East Asia and Australia. 

We may draw attention to the fact, that these Pleistocene tektites 
seem to be concentrated around the equator — Billiton, Borneo, Philippines, 
Java, New Guinea—with a certain distribution north to Indochina and 
south into Australia. The distribution map given by Lacrorx (1932, 
fig. 1) and his conclusions are no longer acceptable, as he includes the 
bohemian tektites ““Moldavites”, which are of Miocene age. The Ameri- 
canites are still older, and the age of the sites at the Gold Coast (LAcRorx 
1934) is not known; specimen from this locality have never been figured. 


Physical properties 

The color of our tektites is always black—we might say “‘obsidian- 
black’? —, often with a remarkable lustre. Heavily rolled specimen are 
dark grey (fig. 10) like common obsidian pebbles. In translucent splinters 
the colour is olive brown, never grey as in obsidian. We had a few specimen, 
lost during the war, in which the color was lilac. 

Not only etched fragments—fresh fragments show a surface like glass 
without any texture—show very complicated flow-lines (fig. 17), but 
sometimes they can be recognized already on the ordinary surface (figs. 
Deseo 

As in tektites from other regions vacuoles occur regularly and in all 
sizes (fig. 15 and 16). They may reach a diameter of 3-4 cm; the specimen 
fig. 15 is only the fragment of a large hollow ball, with walls about 2-3 cm 
thick; we have at least fragments of three specimens of these dimensions. 
The surface of the vacuole in some cases still exhibits a very bright lustre, 
not unlike a hollow mirror (vide Dunn, 1912, pl. 7, fig. 1 and 2). The 
vacuoles probably contained gas under a very low pressure, although 
vAN Ex (1939) is of the opinion that a hollow specimen of his collection 
“exploded” and that the pressure was at least 4 atm. Also Lacrorx 
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EXPLANATION OF THE PLATES 
JAVA: 
From the surroundings of Japara? 
Fig. 1. Spherical specimen with funnels. 
From Sangiran: 
Fig. 2. Large spherical specimen with flow-lines and cracks. 
Fig. 3. Large specimen, cylindrical, with navels, fine cracks and remains of 
outer surface (not visible). 
4. Small specimen with parts of the ‘‘skin”’. 
5. Medium-sized round specimen with navels. 
Fig. 6 and 7. Large specimen, showing flow-lines, pits and funnels. 
8. Rolled specimen, still showing flow-lines. 
9. Heavily rolled specimen, covered with pits and remnant of vacuole. 
Fig. 10. Heavily rolled specimen (‘tektite pebble’), upper end damaged. 
Fig. 11. Large fragment, with fine cracks and navels. 
Fig. 12. Large fragment with large cracks and navels. 
Fig. 13. Surface details with pits, arranged in lines. 
Fig. 14. Specimen with gutters. 
Fig. 15. Large fragment with wall of large vacuole. 
Fig. 16. Fragment with middle-sized vacuole. 
Fig. 17. Fragment with deeply etched flowlines. 
Figs. 18-25. Specimens with partly preserved older surface (‘‘tables’’). 
Figs. 26-36. Pendant-shaped specimens. 
Figs. 37-41. ‘‘Bullets’’.. 
Figs. 42-43. “‘Spongy” specimens. 
Figs. 44-45. Dumbbells. 
Figs. 46-48. Cylinder-shaped specimens, (parts of dumbbells’). 
Figs. 49-52. Cylinder-shaped specimens. 
Figs. 53-57. ‘‘Tear-drops”’. 
Figs. 58-62. ‘‘Core-types”’. 
Fig. 63. ‘“Oval-type’’. 
Figs. 64-68. ‘“‘Boat-shaped”’ specimens. 
Fig. 69. Flat “‘tear-drop’’; ef. “‘canoe-shaped”’. 
Fig. 70. Large specimen; flow-lines and cracks. 
Fig. 71. Large specimen; fine cracks and navels. 
Figs. 72-73. Splinters. 


AUSTRALIA: 
I Australite “core-type”’. 


BILLITON: 
A Specimen with ‘“‘table’’. 
B_ ‘Pendant-shaped” specimen. 
C-F typical Billitonites, E “Oval” resp. “‘core-type”’. 


PHILIPPINES: 


a-d typical specimen from Pagud Babuy and surroundings of Manila (leg. 
O. BryEr). 


e-g from Anda, Pangassinan (leg. Von KornrGSwaALp). g. typical surface 
sculpture. 


Specimen 13 in the collection of the Geological Survey of Indonesia, Bandung, 
Java; specimen A and C in the collection of the Geological Institute of the Uni- 
versity of Utrecht; all other specimens in the author’s collection. 

All photographs in about natural size. 


qg. H. R. VON KOENIGSWALD: Tektites from 
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(1932, p. 178) describes an “‘‘explosion’’, but Martin (1934, p. 3), the 
only one who measured that pressure, found it less than 5 mm. 

Rare and very fragmentary specimen show many vacuoles (fig. 42 
and 43) and therefore might be described as “spongy”. 

According to slides the material is just amorphous glass with always 
very complicated flow textures; no signs of cristallisation or recristallisation 
could be observed. The glass seems to have a high tension, as small particles 
easily skipp off. 

The specific gravity for Java tektites has been determined by Martin 
(personal communication) who found values between 2.3940 and 2.4607; 
HeEIbE determined three fragments: 2.431, 2.436 and 2.452 (1939, p. 203); 
Koomans found 2.442 (1938, p. 70). 

The refractive index, determined by the Schroeder van der Kolk 
method, was found to be for “Java- and Luzon-tektite 1.51’? (Koomans 
1938, p. 67); Heme determined 1.5091 (1939, p. 203). 

In all the properties mentioned above our javanese taktites do not 
differ from other tektites of the australasian region. 


Forms and surface sculpture 


Our tektites can be subdivided in two groups; complete and broken 
specimen, of which the last one is by far the largest. There are several 
large fragments, but the majority consists of small, irregular splinters, 
like in fig. 72 and 73. A specimen might be regarded as “‘fresh’’, like 
figs. 1-5—this is difficult to state, as they might be all more or less 
etched —slightly (fig. 8 and 9) to heavily rolled (fig. 10). According to 
our experience all heavily rolled specimen come from recent gravels. 

All our complete larger tektites, with the exception of the largest, 
irregularly egg-shaped specimen, which apparently is rolled and etched — 
are simple round bodies (figs. 1, 3, 5, 7) which might be called “‘spheres”’, 
sometimes elongated (fig. 3) and often slightly flattened. The interesting 
large dumbbells (Billiton: VeRBEEK 1897, fig. 483-1; Wine Hasron 1922, 
fig. 1 and 2; Srarr 1955, fig. 2—Philippines: Buyer 1955, pl. IX-C.— 
Indochina: Lacrorx 1932, pl. III, fig. 2 and 4.— Australia: Dunn 1912, 
pl. 5) and large tear-shaped bodies (Billiton: VERBEEK 1897, fig. 43-b; 
Wie Easton 1922, figs. 3, 5, 10, 29; Starr 1955, fig. 2.— Philippines: 
Beyer 1955, pl. IX-C.—Indochina: Lacrorx 1932, pl. 1, 2, 9 etc.) are 
completely missing and only present among the very small specimen. 

These —also in Australia the largest tektite of 218 gr is perfectly round, 
which makes this comparison more interesting —can be subdivided into 
various types, for which the classification used by FENNER (1934) can 
be applied to a large degree. Only his “‘lenses’’ are absent from Java, 
together with the types showing flanges, but the types described below 
all have a definite “rim” or “keel’’. 

First we have to mention the typical “‘core type”: ““The general outline 


376 


of complete forms is bounded by two main surfaces, each of which is 
part of a sphere” (FENNER 1938, p. 199). An australian core is here shown 
in fig. I, javanese specimen in figs. 58-62. The opposite halves generally 
show a different texture, and the “‘front’’—the half with the largest 
diameter— might be smooth, pitted or have cracks, a few also have 
bubble cavities like certain Australites. This group is only a unity according 
to its shape, but not to its surface sculpture. 

“Cores” occur regularly in Java (about 60 specimen in our collection); 
but also the types known as “‘ovals’’, ““boats” and “‘canoes”’ are represented 
—a “‘boat’’ is more elongated than an oval with somewhat parallel sides, 
a “‘canoe”’ is still narrower and pointed on both ends —. Our fig. 63 might 
be classified as an “oval”, and figs. 64-68 represent typical “‘boats’’, 
while fig. 69 comes more into the ‘“‘canoe’” category, although pointed 
only at one end. 

The “‘core type” seems to be confined to Australia and Java; a single 
specimen known to me from Billiton, pl. IV, fig. E (rather an “‘oval’” 
than a “‘core’, but belonging into the same category) indicates the 
presence of this type on that island. It seems not to occur in Indochina 
or the Philippines. 

Our “dumbbells” fig. 44 and 45 are very small and never have a rim 
like the australian counterpart, and the same is true of our “‘teardrops”’ 
figs. 53-57, the smallest of which is only a few mm long. 

Not represented among the Australites are completely round little 
balls, like bullets, figs. 37-41, which are somewhat larger and also known 
from the Philippines and from Billiton. Besides these ‘bullets’? cylinder- 
shaped round little bodies occur, figs. 49-52. 

A special type are the “pendants” figs. 26-36. This name is introduced 
for elongated, sometimes tear-shaped tektites—always with circular 
cross-section —which on one end have a separate, short protrusion, in 
some cases a “‘table’. This type we find regularly in Java, medium-sized 
to small; the surface might be smooth with some cracks (fig. 26 and 27) 
or pitted (fig. 28 and 29). Specimen of the same shape also occur in 
Billiton (fig. B; VerBEEK 1897, fig. 43-h) and the Philippines (BEYER 
1955, pl. [X—C, right lower corner, from Pugad-Babuy), but are not 
known from Indochina or Australia. 

Many specimen show remains of an older surface, which still is preserved 
in angular bits, fig. 21, or just in little “tables” like in figs. 18-20, 22-25, 
which often look like mushrooms. These ‘‘tables’” have generally been 
regarded as very typical for the Billitonites, fig. A (VeRBEEK 1897, fig. 
43-f, Krause 1898, figs. 5, 8, 12; Hévia 1923, figs. 1-3, VAN DER VEEN 
1925, fig. 26; Koomans 1938, fig. 2), although they have been completely 
overlooked by Wine Easron. They are not so well developed and high as 
in the Billitonites, where they are certainly produced by etching. In Java 
the original cracked surface probably just splintered away. Java-tektites 
often show such a kind of crust — already noted by Herpr—. which most 
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probably was produced by the cooling off of the hot surface, typical 
specimen are shown in figs. 4, 19 and 21. 

It seems that only when the tables break off do we find the “‘navels’’, 
figs. 3, 5, 11, 12 ete. which are also typical for the Billiton type, and are 
often found in our material. It seems to us, that the navels do not occur 
on the original, but on the secondary surface, as they are not indicated 
on the surface of the table itself. Even in a specimen which looks “‘fresh”’, 
like in fig. 3 small bits of an older surface are still preserved. Even when 
the surface is already dull, the centre of the navel is still shining, which 
is a proof that the table has broken off very recently. As rolled specimens 
never show traces of navels, this most probably is a structure more or 
less confined to this second surface, marking the body of the tektite. 

What has produced the tables and navels is not clear. They might 
just indicate the places where the “outer skin” was attached longest 
to the “body’’, but they also might indicate old collision marks. ESCHER 
(1925, fig. 3) has produced navels on a polished Billitonite, on which he 
artificially made some collision marks and which afterwards were etched 
with HF, whereas it is just our rolled specimens that are free of such 
structures, figs. 8-10. Therefore we might conclude, that the navels 
correspond to old collisions in the time the surface was not completely 
consolidated, and the tables mark the places where the glass was just 
a little compressed and so more resistent against etching. These collisions 
must have taken place either in the air or when the tektite hit the surface 
of the earth. 

Mrs. Koomans (vide below) found by careful analysis, that “skin” 
and ‘“‘body” might have a slightly different chemical composition. 

Only in few places is the surface perfectly smooth. The fluxion structure 
of the glass is often reflected on the surface, figs. 2, 6, 7, and the flow 
lines are marked by small grooves fig. 13 (and funnels) and in cases still 
recognisable even if the specimen is quite rolled, fig. 8. It seems that an 
evenly pitted surface, fig. 9, is just the last stage before the tektite 1s 
transformed into a pebble, fig. 10. 

Cracks or grooves (with angular crosssection) are just indicated, fig. 11, 
or open as in fig. 2 and 12. They might be produced by shrinking, like 
in the crust of volcanic bombs. Another possibility would be the effect 
of electric sparks; fine cracks in glass produced by high electric power 
has been described by Terepa, Hirata and Jamamoro (1932). 

Then there are the long grooves as if produced by worms, which are, 
if developed, always superficial like in fig. 14, and never reach the 
dimensions we often observe in the Billitonites, figs. C-E, where they are 
surely the result of etching. 

Shape and surface structures combined produce, even in our limited 
region of Central Java, an astonishing variety of tektites, and the same 
is true of most other regions. Nevertheless the various “tektite-Provinces”’ 
can be quite easily distinguished from each other. For comparison with 
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our “Javanites’’, figs. 1-73, we have figured some Billitonites, figs. A-F, 
and some specimen from the Philippines. a-d are typical Rizalites from 
the surroundings of Manila, while e-g represent the newly discovered 
“Anda type” with markings, as if gnawed by heavenly rodents, fig. g 
(vide Brypr 1955, pl. XI). 


COMPOSITION 


Analysis of javanese tektites 


1 2 3 4 5 6 

Si0, 76.40 70.62 73.73 72.36 72.06 73.47 
ARKO} 0.58 0.62 0.87 0.72 0.90 0.72 
PEO; 0.12 0.19 0.03 0.04 0.02 
Al,O, 9.86 12.34 11.33 9.88 10.89 10.91 
Fe,O, eel 2.25 0.83 1.52 1.2] 1.33 
FeO 3.71 3.17 4.46 4.50 4.31 4.08 
MnO 0.08 0.10 0.11 -- - — 
MgO 2.43 3.61 2.39 3.66 3.75 3.11 
CaO 2.22 2.99 2.49 3.7 3.32 2.64 
Na,O 1.28 1.68 1.15 1.61 1.67 ey | 
K,O 2.03 1.57 2.32 1.87 1.76 2.07 
H,0, 0.17 0.75 0.25 0.08 0.05 0.04 
iso 0.06 = 0.06 
co, — 
NiO —- 

99.93 99.82 100.18 99.97 99.96 100.10 


1. From Jaarboek Mijnwezen, 43, (1934-1935), p. 82; 

Anal. R. DroKosoEWONO. 

After Koomans, 1938, p. 70; Anal. Koomans. 

3. After Hmrpr, 1939; Anal. P. WAGNER. 

4, 5 and 6. Anal. Koomans, 1955, according to private communications. 
4, mixed sample 


2b 


5. outer layer (skin) 


6. central part (body) 


The chemical composition of our javanese tektites is completely in 
agreement with those of tektites from other regions. An interesting detail 
is, that Mrs. Koomans found the outer layer of a tektite to be slightly 
less acid than the body itself. 

The content of SiO, is rather high. For the tektites of the Australasiatic 
region we find (mostly after Breyrr 1955): 


Silica range: Silica average: 
Bulitonites 69.30—71.10 70.20 
Rizalites 70.60—7 1.64 7L.L0 
Javanites 70.62—76.40 73.10 
Indochinites 70.40—76.60 72.80 


Australites 68.90—79.50 Norte 
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From this list it is evident, that our Javanites contain a higher average 
of SiO, than the Billitonites and a lower one than the Australites; this 
seems to be an important fact, as from the point of typology they are 
also intermediate between these two groups, as we have already seen. — 
For two Anda tektites, not included in this list, Mrs. Koomans found 
69.38 and 70.40 % SiO, respectively. Herp found in a javenese tektite 
a content of 0.026 % NiO and 0.047 % Cr,O,, having a ratio of 1.6. Accord- 
ing to the latter he distinguishes two groups of tektites in our region: 

A. central group, cromium-nickel ratio below 2, including Java (1.6), 
Billiton (1.2—1.8), Borneo (1.42.0) and southern Indochina (1.0-1.7). 

B. peripheral group, cromium-nickel ratio higher than 2, including 
northern Indochina and Hainan (3.5—5.5), the Philippines (5.4) and 
Australia (3.0—5.0). 

This grouping agrees quite well with the subdivision suggested by 
the SiO, content (Australia and Indochina being peripheral regions), 
there is only a contradiction for the Philippines, which we would rather 
include in the central region according to the morphology and the great 
number of large specimen. 


Conclusions 

According to our opinion although the discussion is by no means 
closed the tektites are regarded to be of cosmical origin. No indication 
could be found in Java that they should either be connected with the 
Javanese voleanism or with special formations of the South. The tektites 
known till now can be subdivided according to their distribution into 
four groups each of which seems to have a different age. There is the 
american group containing the Bediasites most probably of Hocene age. 
The african group from the Ivory coast, age unknown, the european group 
containing the Moldavites of Upper Miocene age and finally the australasian 
group of Upper Middle Pleistocene age. It is only with the latter group 
we are dealing here. 

In spite of the typical chemical composition which shows only minor 
differences, different tektite provinces can be distinguished even if we 
assume that the surface of the tektites is in many cases influenced by 
the composition of the soil (most remarkable in Billitonites) there are 
more provinces of tektites than we might expect according to the possible 
influence of acids present in the soil. The only conclusion we might draw 
from this is that the various provinces are due to several not sharply 
separated clouds of tektites, which all came down at the same time, because 
otherwise we could not expect that they should cover such a large area 
with practically no interruptions. 

The provinces we might distinguish within the australasion region are 
the Australites confined to Australia, the Indochinites from Indo China 
and Southern China, the Billitonites from the Island of Billiton, probably 
including the tektites from the Malay Peninsula, the Rizalites (BEYER) 
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from the Philippines with various sub-types; to this group might belong 
the tektites from Borneo, and the Javanites (nom. nov.) from Java. 

Our Javanites differ from the Billitonites, Rizalites and Indochinites 
as well as from the Australites by the absence of large dumbbells- and 
tearshaped bodies. Neither do they have the wormlike grooves which 
are so typical for the Billitonites. “Tables” and “‘navels” they share 
with the Billitonites; these surface structures are extremely rare among 
Rizalites but not known from the other groups. 

Tektites might have a rounded surface or be in the possession of a keel 
or rim. The occurrence of these properties most probably is connected 
by the manner these bodies travelled through the atmosphere: round 
bodies are revolving while the keel and the rimbearing specimen were 
non-revolving and by that show a marked difference between the original 
front- and backside. This is most outspoken in the Australites, the greatest 
part of which must belong to the non-revolving type and is therefore 
often in the possession of beautifully developed flanges. Most important 
core type” which is very rare in Billitonites, found regularly 
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here is the 
among the Javanites and the most common type in Australia; as far as 
we know the core type does not occur among Rizalites and Indochinites. 

We have called the core type the most important one because according 
to observations made by FENNER 1938 it is that type from which in latter 
stages the button and the lens type are derived which are both typical 
for Australia and found nowhere else, also not in Java either. According 
to FENNER the core type is developing the typical flanges during his 
steady flight which show the traces of secondary melting (DuNN 1912, 
plate 10-15), and by that transformed into the buttonshaped type and 
finally into the typical lens. When we try to explain the fact why we 
have in Java only the core-type and not the two others derived from it, 
the only solution can be that the flying distance was not long enough 
and that therefore we might conclude that the typical Australites had 
to travel a longer distance through the atmosphere than the Javanites. 
This would result from the fact that the central shower as we pointed 
out came down in the Philippines, in Java probably more or less vertical 
and that Australia would belong to the marginal area. The Australites 
therefore might have hit the surface of the earth at a very low angle and 
this might be one of the reasons why such delicate forms as the button- 
types have been preserved with flanges and all. 

The observation that according to their morphology the Javanites are 
intermediate between the Billitonites and the Australites might be regarded 
as an indication, that the latter really belongs to the same group and 
does not belong to a younger period as has been suggested by FENNER 
and other Australian geologists (BEYER, 1945, p. 4). 
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GEOLOGY 


ZONES OF REGIONAL METAMORPHISM IN THE 
LALAN ASU MASSIF, TIMOR 


BY 


D. DE WAARD 
(Communicated at the meeting of September 28, 1957) 


Abstract 

The Lalan Asu massif in central West Timor is a relatively small 
outcrop of crystalline schists surrounded by marly sediments of the 
Sonnebait overthrust sheet. The crystalline schists are low to medium- 
grade basic and pelitic rocks which have developed during regional 
metamorphism before and during a period of deformation in presumably 
Young Paleozoic times. 

Five facies zones are recognized in mineral assemblages and on the 
map. The lowest metamorphic grade is the muscovite-chlorite subfacies, 
followed by the biotite-chlorite subfacies with the appearance of biotite 
in the quartz-rich, albite-bearing pelitic schists. With the appearance of 
hornblende in epidote-albite-hornblende rocks the albite-epidote-amphi- 
bolite subfacies is reached, and the transition of albite to oligoclase in 
these rocks marks the following zone, the oligoclase-epidote-amphibolite 
subfacies. The highest grade is the amphibolite facies in which the 
plagioclase in the epidote amphibolites exceeds 30An. 

The facies classification as used here is adapted to the peculiarities of 
the area, since garnet appears late, and higher pelitic index minerals do 
not occur. The highest-grade rock observed is a labradorite-garnet 
amphibolite which by comparison must have a grade well within the 
kyanite zone (kyanite-muscovite-quartz subfacies of FRaNcts, 1956). 


Introduction 

The crystalline schist massif of the Lalan Asu mountains in western 
Timor is a small outcrop of largely amphibolitic rocks, measuring about 
6 km in E-W and 4 km in N-S direction. The massif is surrounded by 
marly sediments of the Sonnebait overthrust unit. The area is one of a 
dozen petrologically similar but equally isolated massifs in western 
Timor. Although of the same origin they now have probably a tectonically 
disconnected position by overthrusting. 

Petrologic and structural investigations in the Lalan Asu massif were 
carried out in 1953 by the author with assistance of students in geology 
of the University of Indonesia. Due to the remoteness of the region and 
the limited time during the expedition, only the western part of the 
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massif was investigated in detail. Two rivers which cut through the schist 
area from south to north provide almost continuous exposures. The 
observations were made particularly along these rivers and their tributaries. 

In this paper the zones of regional metamorphism and the facies 
boundaries are discussed in outline; the details of the metamorphic 
petrology of the massif will be given in a separate publication. The results 
of the structural investigations in the area have been discussed in a 
paper dealing with the tectonics of the Lalan Asu massif (DE WAARD, 1954). 


Geologic setting 

The orogenic structure of Timor consists of little-lithified overthrust 
sheets which slided down by gravitational tectonics. In the area in 
question the Permian-Mesozoic parautochthonous Kekneno unit in flysch 
facies is overthrusted by the Permian-Mesozoic Sonnebait unit in 
predominantly neritic facies. The crystalline schist massifs are considered 
to have the nature of aberrant masses situated between the Kekneno and 
Sonnebait units. They were dislocated and transported by the over- 
thrusting movements in Upper Miocene and earlier orogenic phases. The 
massif of crystalline schists is accompanied by smaller masses of ophiolitic 
rocks and by a partial cover of pretectonic Eocene and Lower Miocene 
deposits. 

The geologic history of the schists embraces two orogenic periods. The 
earlier orogeny effected mesozonal tectonics and metamorphism, presum- 
ably in Young Paleozoic times. The massif was subject to medium and 
low-grade regional metamorphism and to intense folding movements. 
Foliation and linear structures are well-developed, the latter as mineral 
parallelism in amphibolitic rocks and as microfolds in the foliation planes 
of the schists. 

The second period of deformation, the alpine orogeny, effected the 
overthrust tectonics and caused epizonal, mainly cataclastic structures 
in the crystalline schists. Block faulting took place, and the pre-existing 
structures were distorted and destroyed near overthrust planes and in 
fault zones. 

The PT-conditions during this period were too low to cause metamor- 
phism except for the origin of cataclastic textures and accompanying 
mineral alterations, and those only locally. The underlying Kekneno rock 
group still has a purely sedimentary character and shows no traces of 
metamorphism. All metamorphism, therefore, was caused during the 
earlier orogenic period. The original metamorphic facies pattern, however, 
will to some extent have been disturbed by faulting and thrusting during 
the second orogenic period. 


Metamorphic rocks 


The massif consists largely of amphiboloid rocks, viz., foliated actinolite 
and hornblende schists, and amphibolites. In several parts of the area 


385 


mica schists crop out, and there are local occurrences of quartzite layers, 
marble beds, banded epidote schists and epidote-chlorite schists, and 
layers with epidote-rich nodules. The alternation of the different beds 
and the occurrence of distinct layers suggest a largely sedimentary origin 
of the crystalline schists. 

The metamorphic zones cross the various rock beds, and the change of 
metamorphic grade can be followed in the different rock types. The basic 
series of rocks is represented by various greenschists, actinolite schists, 
hornblende schists, and amphibolites from fine-grained albite-epidote 
amphibolites to coarse-grained garnet-labradorite amphibolite. In the 
pelitic series of rocks there are phyllites, chlorite schists, stilpnomelane 
schists, albite-mica schists, oligoclase-garnet-mica schists, and andesine- 
garnet-mica schists. The calcareous series is represented by impure marbles 
such as schistose quartz-calc-schist and epidote-albite-calc-schist, and 
epidote-rich rocks as stilpnomelane-calcite-epidote schist and quartz- 
epidote rock of the nodular beds. 

Nearly all rocks contain plagioclase, often together with epidote. Potash 
feldspar appears to be totally absent. Calcite is fairly common in most 
rocks, and quartz and muscovite are present in rather high percentages 
in the mica schists. There are metacrysts of biotite and garnet in mica schists, 
and of magnetite and plagioclase in greenschists and amphibole schists. 

The relation between orogeny and metamorphism is well-expressed in 
the rock textures. Metamorphism was progressive in pretectonic times and 
reached its peak before the highest intensity of deformation. The orogenic 
phase appears to have interupted and concluded the period of meta- 
morphism. Strong deformation still took place during gradually declining 
metamorphism, and retrogressive metamorphism ultimately outlasted the 
orogenic period. 

Porphyroblastic textures with rotated and cataclastic metacrysts of 
biotite, garnet, plagioclase and magnetite represent the prekinematic 
phase of metamorphism. Sigmoiblastic garnets illustrate continued pro- 
gressive metamorphism in the beginning of the tectonic phase. The 
nematoblastic amphibolites indicate synkinematic recrystallization during 
fairly intense deformation, which was followed by destructive deformation 
as shown by phyllonitic textures in fine-grained amphibole schists and 
mica schists. During this time metamorphism gradually acted retrogressive. 
Postkinematic chloritization of garnet and biotite concludes the period 
of retrogressive metamorphism. 

The schist occurrence of the Lalan Asu massif shows no traces of 
plutonic activity during, or shortly before or after the period of meta- 
morphism. In none of the other schist massifs of western Timor, for that 
matter, has evidence been found for migmatitic or magmatic activity 
of importance during the earlier orogenic period. Considerably younger 
are the locally occurring spilitic and keratophyric dikes, which belong to 
the ophiolitic rock series of presumably Young Mesozoic age. 
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Metamorphic facies 

According to the mineral assemblages and the zonal distribution of 
rocks in the massif, five different fields of metamorphic facies can be 
distinguished. The occurrence of the indicative minerals in the observed 
assemblages is summarized in the diagrams of fig. 1. 

(1) The lowest metamorphic grade is the muscovite-chlorite subfacies, 
represented in pelitic rocks by assemblages of muscovite and chlorite in 
quartz-albite-bearing schists. The greenschists have assemblages of epidote, 
chlorite and actinolite with calcite, quartz and albite. Stilpnomelane is 
found in quartz-magnetite-stilpnomelane-calcite-epidote rock, calcite- 
stilpnomelane-magnetite-quartz schist, and stilpnomelane-chlorite-epidote- 
albite-actinolite schist. 

(2) The appearance of biotite in pelitic schists marks the biotite zone 
or biotite-chlorite subfacies. This facies zone is easily distinguished by 
red-brown, porphyroblastic biotite in quartz-rich, albite-bearing schists 
in which often also chlorite and some epidote occur. Biotite is also found 
in quartz-bearing greenschists; the epidote-albite-actinolite schists are 
the same as those in the former facies zone. 

(3) The albite-epidote amphibolite subfacies (albite-epibolite, for 
short) is distinguished by the occurrence of blue-green pleochroic horn- 
blende beside epidote and albite in the basic rocks. Albite-epidote 
amphibolites are found alternating with albite-epidote-actinolite schists 
in which also chlorite, biotite, muscovite, quartz and calcite may occur. 
The corresponding assemblage in pelitic schists, viz., almandine-albite- 
quartz-mica schist, has not been found in this area. 

(4) The oligoclase-epibolite subfacies is recognized since predominance 
of epidote-plagioclase-amphibole rocks in the area enables the accurate 
determination of the oligoclase isograd as an arbitrary point in the 
reaction: plagioclase xAn + epidote = plagioclase yAn + epidote. In the 
basic series are found epidote-oligoclase amphibolites and epidote- 
oligoclase-actinolite schists. Oligoclase also appears in the pelitic rock 
series, now occasionally together with garnet. 

(5) ‘The amphibolite facies is represented by andesine-bearing rocks, 
and the boundary with the former facies zone is thus indicated by 
plagioclase 30An in the plagioclase-epidote equilibrium curve. In the basic 
rocks actinolite has disappeared, and the characteristic rocks are andesine 
amphibolites, often still with epidote and sometimes with garnet. The 
highest grade is probably represented by an epidote-free, coarse-grained 
labradorite- garnet amphibolite. Also the mica schists have become coarser 
and contain andesine and frequently garnet. Other pelitic index minerals 
such as staurolite, kyanite or sillimanite have not been found. 

In this way the mapped area of the Lalan Asu crystalline schists can 
be divided into five relatively narrow zones of different fields of regional 
metamorphic facies, ranging from the lowest parts of the greenschist 
facies, via the epibolite facies which occupies the larger part of the area, 
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Fig. 1. Diagram showing the occurrence of indicative minerals in assemblages of 
the Lalan Asu crystalline schists, arranged according to the facies classification used. 
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into the amphibolite facies. The highest grade within the amphibolite 
facies appears ill-defined by absence of the customary pelitic index 
minerals, but the presence of labradorite indicates by comparison with 
other regions a grade of metamorphism which is well within the kyanite 
zone (FRANCIS, 1956, HreTANEN, 1956). 


Facies boundaries 

The distinction of the facies fields is thus based on the following boundary 

reactions between the five metamorphic zones: 

1-2 Appearance of biotite in quartz-albite rocks. 

2-3 Appearance of hornblende in albite-amphibole rocks. 
3-4 Appearance of oligoclase in plagioclase-epidote rocks. 
4-5 Appearance of andesine in plagioclase-epidote rocks. 

The facies classification used here largely follows TURNER (1948, 1951) 
with some modifications: 

(1) Muscovite-chlorite subfacies (TURNER) of the greenschist facies, 
or chlorite zone. 

(2) Biotite-chlorite subfacies (TURNER) of the greenschist facies, or 
biotite zone. 

(3) Albite-epibolite subfacies (facies of TURNER), or the regional 
metamorphic chloritoid-almandine subfacies of TURNER, comparable with 
the garnet zone. 

(4) Oligoclase-epibolite subfacies, recognized to subdivide the enlarged 
epidote-amphibolite facies as proposed by RAmMBERG (1952) and Barr 
(1952), and supported by Francis (1956) and others, is distinguished by 
plagioclase 10-30An-+epidote, and comparable with the staurolite zone, 
or the staurolite-quartz subfacies as suggested by FRANcIS to subdivide 
TURNER’s staurolite-kyanite subfacies at about plagioclase 30An. 

(5) The lower part of the amphibolite facies with plagioclase > 30An, 
comparable with the kyanite zone or the kyanite-muscovite-quartz 
subfacies of Francis, which is the upper part of TuRNER’s staurolite- 
kyanite subfacies. 

This subfacies classification is used here since it is best adapted to the 
peculiarities of the area, viz., a lack of a continuous succession of pelitie 
critical assemblages and index minerals, and an abundance of plagioclase- 
epidote assemblages. In the lower grades the subdivision of TURNER is 
followed. Difficulties arise first in the albite-epibolite subfacies in which 
garnet should have developed in albite-bearing pelitic rocks. For the two 
higher facies fields RamBura’s and Bartn’s classification is used, as this 
gives an opportunity for further subdivision according to the anorthite 
content of the plagioclase. 

The difference found in the boundaries of the albite-epibolite subfacies, 
being at variance with the “normal” of textbooks and classic regions 
(e.g. the Sulitelma district in Norway, Voer 1927), is by no means unique 
for the Lalan Asu massif (e.g. the Hanover quadrangle in New Hampshire, 
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Lyons 1955). In the Lalan Asu area albite-epidote-hornpiende rocks are 
well-represented as the basic members of the albite-epibolite subfacies, 
but the pelitic counterpart of the facies field, the almandine-albite-quart.z 
assemblage, has not been found. The garnet isograd is situated very close 
to the oligoclase isograd, probably at the higher-grade side of it. Either 
the garnet isograd is here late, or the oligoclase isograd appears earlier in 
the pelitic schists than in the basic schists. 

The explanation for the absence of a recognizable pelitic assemblage 
of the albite-epibolite subfacies as related to the near-coincidende of the 
garnet and oligoclase isograds is elucidated in diagram, fig. 2. The albite- 
epibolite subfacies in pelitic rocks corresponds approximately with the 
almandine zone, 7.e., situated between the garnet and staurolite (approx- 
imately oligoclase) isograds, and in the basic metamorphites with the 
albite-epidote-hornblende assemblage, 7.e., situated between the horn- 
blende and oligoclase isograds. 
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Fig. 2. Diagram illustrating the effect of the intersection of the garnet and oligoclase 
isograds on the recognizability of the albite-epibolite subfacies (combined hatched 
and dotted fields). 
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In the Sulitelma district Voer found a parallel occurrence of the garnet 
and oligoclase isograds, some 2000 m apart. A number of subfacies are 
recognized both in a “‘sedimentary” and a “gabbro series” of rocks, 
marked by the appearance of the minerals: biotite — garnet — hornblende — 
oligoclase successively. In the Hanover quadrangle Lyons observed a 
different succession, resembling that of the Lalan Asu massif. In the 
western part of the area the garnet isograd appears to coincide with the 
oligoclase isograd; in the eastern part the garnet isograd is found partly 
at the lower side of the oligoclase isograd, crosses it, and continues close 
by at the higher side of the oligoclase isograd. In the same part of the 
area the hornblende isograd is shown on the map between the biotite and 
garnet isograds. The succession of metamorphic zones is marked by the 
following isograds: biotite — hornblende — garnet/oligoclase. In the Lalan 
Asu area garnet is first found in quartz-plagioclase-mica schist with 
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Fig. 3. Facies boundaries in the Lalan Asu massif. The biotite, hornblende, 
oligoclase, and andesine isograds separate respectively the following facies zones: 
muscovite-chlorite subfacies, biotite-chlorite subfacies, albite-epibolite subfacies, 
oligoclase-epibolite subfacies, and amphibolite facies. Isolated occurrences of the 
albite-epibolite subfacies within the area of the oligoclase-epibolite subfacies are 
indicated by dots. Occurrences of garnet are marked with G. The dotted area in 
the south and south-east of the massif indicate predominance of pelitic schists; 
in the rest of the massif basic metamorphic rocks prevail. 
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oligoclase 15An; hornblende appears normally between the biotite and 
oligoclase isograds. The succession of isograds, therefore, is here: biotite — 
hornblende — oligoclase/garnet. 

The distance between the isograds in the diagram is based on the 
relative width of the facies zones on the maps. Since the succession 
biotite — hornblende — oligoclase is the same in the three areas, the garnet 
isograd is considered to differ mainly, intersecting the hornblende and 
oligoclase isograds. According to the relative width of the metamorphic 
zones the biotite isograd appears to have the tendency to parallel tne 
garnet isograd. 

The diagram shows the effect of the intersection of garnet and oligoclase 
isograds on the facies distribution. The albite-epibolite subfacies, based 
on the albite-epidote-hornblende assemblage, occurs in the three areas, 
but the recognizable pelitic equivalent of this facies field, based on the 
occurrence of garnet in quartz-albite-mica schists, wedges out towards 
the right in the diagram, and disappears. 


Distribution of facies zones 


As the distinction of fields of metamorphic facies also should be proved 
by the presence of corresponding zones in the field, the occurrence and 
distribution of the five facies zones recognized in the Lalan Asu area are 
demonstrated on map, fig. 3. The zones are found to be unusually narrow, 
however, and the transition from the lowest to the highest grade is 
locally so rapid, that with the given number of observations the existence 
of parts of the zones, especially of the albite-epibolite subfacies, could not 
be proved in all places. 

The muscovite-chlorite subfacies is largely developed in the eastern 
and southern part of the mapped area. The biotite-chlorite subfacies forms 
a narrow zone along the border of the higher-grade field. The larger part 
of the area is occupied by the oligoclase-epibolite subfacies. There are 
two small occurrences within this field in which the plagioclase exceeds 
the andesine isograd; the one in the centre is represented by plagioclase- 
amphibole rocks, and the occurrence in the south by garnet-plagioclase- 
mica schists. The albite-epibolite subfacies is recognized as a narrow zone 
along the western border of the oligoclase-epibolite area, and as small 
occurrences within this area. The presence of more intensily deformed 
rocks in these occurrences in which the plagioclase falls below the oligoclase 
isograd, indicates that locally intense deformation took place, presumably 
along zones, during decreasing metamorphism in the orogenic period. 

In profile the epibolite facies zone is a more or less horizontal but 
undulating slice of the massif between overlying remnants of the green- 
schist facies and local bulges of the underlying amphibolite facies, dipping 
irregularly below the greenschist facies towards the east. 


University of Indonesia, Bandung, 1 ndonesva 


392 


REFERENCES CITED 


Barru, T. F. W., Theoretical petrology: N.Y., John Wiley & Sons, 387 p. (1952). 

pE Waarp, D., Contributions to the geology of Timor, V, Structural development 
of the crystalline schists in Timor, Tectonics of the Lalan Asu massif: 
Indonesian jour. for nat. sei., 110, 143-153 (1954). 
(ms.), Metamorphic facies in relation to orogeny as illustrated by the 
Lalan Asu massif of ‘Timor. 

Francis, G. H., Facies boundaries in pelites at the middle grades of regional 
metamorphism: Geol. Mag., 93, 353-368 (1956). 

Hreranen, A., Kyanite, andalusite, and sillimanite in the schist in Boehls Butte 
quadrangle, Idaho: Am. Mineral., 41, 1-27 (1956). 

Lyons, J. B., Geology of the Hanover quadrangle, New Hampshire-Vermont: 
Geol. Soc. America Bull., 66, 105-146 (1955). 

RaMBERG, H., The origin of metamorphic and metasomatic rocks, a treatise on 
recrystallization and replacement in the earth’s crust: Chicago, University 
of Chicago Press, 317 (1952). 

TurnNER, F. J., Evolution of the metamorphic rocks: Geol. Soc. America Mem. 30, 
342 (1948). 

, and VeERHOOGEN, J., Igneous and metamorphic petrology: N.Y., 

McGraw-Hil., 602 (1951). 

Voar, T., Geology and petrology of the Sulitelma district: Norg. Geol. Undersékelse, 
no. 121, 560 (1927). 


CHEMISTRY 


A THREE-DIMENSIONAL F.C.C. LATTICE MODEL 
BY 


C. A. VERBRAAK 


(Communicated by Prof. W. G. Burcmrs at the meeting of June 29, 1957) 


An interesting f.c.c. lattice model was published recently by RowLAnp }). 
This lattice model is constructed by pouring steel ball-bearings into a 
transparent mould, which is made in the shape of half a regular octahedron. 
The sides of this octahedral mould are hinged together to make a displace- 
ment of lattice sites under certain stress conditions possible. By com- 
pressing the model in a [100]-direction, this direction is transformed 
into a {110]-direction, while a transverse [100]-direction is transformed 
into a [112]-direction, the original (100)-plane containing those directions 
being transformed into a (111)-plane, which is the twin-plane of the 
resulting twinned lattice. 

In the course of our investigation on the formation of the cold-rolling 
and annealing textures of f.c.c. metals, we found evidence of a slip 
mechanism, which is related to the Rowland mechanism, but cannot be 
demonstrated by the Rowland model. As Rowland already stated, the 
drawback of his lattice model is the fact that the lattice is constrained 
in the shape of the mould by the unidirectional gravitation force. This 
constriction introduces extra geometrical conditions, which need not be 
present in a real lattice (for instance: the lattice planes parallel to the 
sides of the mould remain close-packed octahedral planes, because the 
shape of the mould leaves no other possibility). 

To eliminate the influence of an external shape, we constructed a 
f.c.c. lattice model, as shown in fig. 1. In this model the steel ball-bearings 
are kept together by a magnetic field (cf. also fig. 4). For our purpose a 
permanent magnet with fixed poles worked satisfactorily, because we 
only studied simple slip mechanisms. For the study of other problems 
such as phase-transformations, however, the distance between the poles 
of the magnet must be alterable and the use of the two electromagnets 
is advisable. 

The model is easily constructed: starting with a single row of ball- 
bearings between the poles of the magnet (this row is the close-packed 
[110]-direction H in fig. 1), the other ball-bearings are arranged around 


this first row, as shown in fig. 1. 


1) Rowan, P. R., J. Inst. Met. 83, 1620 (1954). 
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By compressing the model in the [100]-direction G, the octahedral 
planes A and B glide into [112]-directions, as indicated by the arrows 
in fig. 2. If now the compressive force in the direction G is maintained, 
the octahedral planes parallel to A and B will perform successively the 
same [112]-slip, finally resulting in a new lattice orientation, as shown 
in fig. 3. This new orientation is related to the original orientation by an 
apparent rotation of 90° around the vertical [110]-direction H, but is 
actually achieved by successive slip in two sets of octahedral planes. 

Although by the slip mechanism described above a change in lattice 
orientation is obtained, which differs from those obtained by the Rowland 
mechanism or by a normal twinning mechanism, the relative atomic 
displacements are the same in all cases. These relative atomic displace- 
ments can be described as follows (compare fig. 1 with fig. 3): 


1) Two octahedral planes (A and B) perform half a normal glide movement 
(only one [112]-slip in each plane) and remain octahedral planes in 
the new lattice orientation. 

2) The other two octahedral planes (C’ and PD) are transformed into 
cube-planes. 

3) The cube-plane G (perpendicular to the direction of compression) is 
transformed into a (110)-plane. 

4) The two other cube-planes # and F (only £ is indicated in fig. 1) 
are transformed into octahedral planes. 

5) One (110)-plane (A) is transformed into a cube-plane. 


This combination of atomic displacements may lead to different 
changes of the original orientation, depending on the strain distribution 
in the lattice. In the model of fig. 1 the [110]-direction H remains fixed 
during the slip of the octahedral planes A and B. In this case the strain 
combination in the lattice requires a compression in the [100]-direction 
G and an extension in the [110]-direction A. If, however, the compression 
in the [100]-direction G is combined with an extension in the [100]- 
direction F (this direction is not visible in fig. 1, but is perpendicular to 
& and @), the change of the orientation will be identical to the change 
of the orientation obtained with the Rowland model, because under 
those conditions the cube-plane #, which is transformed into an octahedral 
plane, remains fixed during the slip operation. This plane is the twinning 
plane in the Rowland model. In our opinion, however, it is not likely 
that in a real lattice a twin is formed in this way. 

Twins are more likely to be formed on the octahedral planes A and B, 
which act as slip-planes during the transformation. The formation of 
twins on those planes is shown in fig. 4 and 5. 

Fig. 4 shows a lattice with the same orientation as the lattice of figs1. 
If now only in the central part of this lattice a [1 12]-slip in the octahedral 
planes A and B occurs, the remaining parts of the lattice (not as yet 
slipped) will bear a twin-relationship to the new orientation of the central 


C. A. VERBRAAK: 4 three-dimensional F.C.C. lattice model 


Fig. 
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part of the lattice as shown in fig. 5. (One twinning plane is marked by 
rods). 

We were able to apply this [112]-slip mechanism to a new explanation 
of the cold-rolling and annealing textures of pure copper and of copper 
containing a small percentage of phosphorus and to verify this explanation 
with some experiments on single crystals of those materials. The results 
of this investigation will be published elsewhere in due time. 


This work forms part of the programme of the “‘Research-group Metals 
F.0.M.-T.N.O.”, sponsored by Z.W.O. 


Laboratory of Physical Chemistry, 
Technical University, Delft, 
Netherlands 


MECHANICS 


TRANSIENT THERMAL STRESSES IN AN INFINITE MEDIOM 
WITH A SPHERICAL CAVITY 


Bx 


ELI STERNBERG *) 
(Communicated by Prof. C. B. Brezeno at the meeting of June 29, 1957) 


Summary 

This paper is concerned with the transient thermoelastic response of 
an infinite medium with a spherical cavity, to a sudden uniform change 
in the temperature of its internal boundary. A quasi-static solution to 
this problem, which is exact within the classical theory of elasticity, is 
obtained. The solution is in closed form, in terms of error functions. 
Numerical values are given for the ensuing thermal stresses and displace- 
ments, whose time and space dependence is discussed in detail. 


Introduction 


Recent years have seen a rising interest in transient thermoelastic 
problems. In the present investigation we are concerned with the par- 
ticular problem encountered when the temperature of the internal 
boundary of an infinite medium with a spherical cavity — which is initially 
at a uniform temperature—is exposed to an instantaneous uniform 
change and is steadily maintained thereafter. Body forces as well as 
surface tractions are assumed to vanish identically, and the problem is 
approached within the classical theory of elasticity. The treatment 
adopted here is quasi-static in the sense that inertia effects are disregarded, 
as is the usual practice in investigations of this kind; it is contemplated 
to account for these effects in a separate future publication. 

In dealing with the foregoing problem, we first establish an elementary 
quasi-static solution, in integral form, for the thermal stresses and displace- 
ments induced by an arbitrary (time-dependent) temperature field with 
polar symmetry about the center of the cavity, if the body forces and 
surface tractions are absent. Next, we determine, with the aid of the 
Laplace transform, the solution to the transient heat-flow equation 
governed by the boundary and _ initial conditions described earlier. 
Finally, we introduce this particular temperature field into the general 
solution just referred to, and carry out the required space integrations. 


*) Professor of Mechanics in the Division of Applied Mathematics, Brown 
University, Providence, R.I., U.S.A. The author is currently Visiting Professor 
of Mechanics in the Department of Mechanical Engineering, Technische Hogeschool, 
Delft. 
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This process yields an exact closed solution, in terms of error functions, 
to the thermoelastic problem under consideration. The space and time 
dependence of this solution is examined in detail. In the limit, as time 
tends to infinity, the well known corresponding steady-state fields are 
reached. 

It should be mentioned that the companion problem of a solid sphere 
whose surface is exposed to a uniform temperature distribution which 
is a step-function with respect to time, was solved by Grineere [1] 4), 
as early as 1925; the same problem was reconsidered by MELAN [2], (ouk 
The solutions given in [1], [2], [3], in contrast to the results appropriate 
to the present problem, involve infinite series representations. TRosTux [4], 
in a recent paper, obtained a formal solution, in series form, to the general 
axisymmetric transient thermal-stress problem for a spherical shell of 
arbitrary thickness; the special steady-state case of this problem was 
treated independently in [5]. 


Formulation of Problem. Dimensionless Variables 


The fundamental system of field equations which governs thermo- 
elastic equilibrium problems in the classical theory of elasticity, consists 
of the linearized strain-displacement relations, the linear stress-strain 
law (including the temperature terms) for the homogeneous and isotropic 
medium, and the stress equations of equilibrium. With reference to 
rectangular cartesian coordinates x;, and in indicial notation, this system 
of equations takes the form 


(1) 26,3 = Uj, 7 + U; ve 

v lty 
(2) Vij Z- 2p [ea l G =F, Cte 5 x’) bu |, 
(3) T;;,;=9, 


if the body forces are absent. Here u,, e,,, and t,; are the cartesian com- 
ponents of displacement, strain, and stress, respectively, while 7’ denotes 
the temperature field. The constants mw, v, and «, designate the shear 
modulus, Poisson’s ratio, and the coefficient of linear thermal expansion. 
The symbol 6,; stands for Kronecker’s delta, and the usual conventions 
for summation over repeated indeces, as well as for space differentiation, 
are implied. 

To the field equations (1), (2), (3), which are to be met throughout 
the region D occupied by the medium, we must adjoin the boundary 
conditions. For the present purposes, we may confine our attention to 
the case in which the surface tractions are prescribed over the entire 
boundary B of the body. Moreover, without relevant loss in generality, 


we may assume these tractions to vanish. Thus, 
(4) 77, — 0 on 3B, 


Le) 


1) Numbers in brackets refer to the bibliography at the end of this paper. 
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where n, are the components of the outer unit normal of the boundary. 
The preceding equations continue to hold—within a quasi-static 
treatment of the problem 2)—if the temperature distribution depends 


on the time ¢, i.e. if 
(5) dd A i A ees eee Ah 3 
In the absence of internal temperature sources, 7’ must conform to the 


heat-flow equation 


; oT 
(6) 2°T = 


ot’ 


in which x is the thermal diffusivity, while 7? denotes the Laplacian 
operator. Furthermore, assuming the initial and boundary values of the 
temperature to be given, we have 


(7) TGs, Na, By OV) =f; Se, ey) BE, 


(8) T (X15 Lns hays t=O a, Ve, My t) OD BOL tes), 


where { and g are pre-assigned functions. In this instance, the determination 
of 7 requires the solution of a boundary and initial-value problem, 
characterized by (6), (7), (8). Once this independent temperature problem 
has been solved, the known temperature field may be inserted in (2). 
The determination of the associated thermal stresses and displacements 
then necessitates the solution of the boundary-value problem governed 
by (1), (2), (3), (4). 

We turn now to the particular problem at hand and, to this end, 


introduce spherical coordinates (7, 6,4) by means of the mapping 
\x=r sin 6 cos ¢, %=r sin # sin gd, x3,=r cos 4; 
( 0<r<co, 0<0<x, O< p< 2x. 


(9) 


Suppose that the region D, occupied by the medium, is given by a<r<oe, 
a being the radius of the cavity. Since we aim at a problem characterized 
by polar symmetry about the origin, we may assume that 


(10) T=T'(r,t); u,-=ulr, t), ve=u,=0, 


in which (w,, Up, U,) are the spherical components of the displacement 

vector. The spherical components of normal stress will be designated by 

d,, 09, 0, and, by virtue of (9), are independent of 6 and ¢. The corres- 

ponding components of shearing stress o,,, 0, 04, Vanish identically. 
The boundary conditions (4) here become 


(11) g,(a, )=0 (0<t<co), 
and we require, in addition, that 
(12) o,(r, t), o9(r, t), o4(7, t) > 0 as r—> co (O<t<oo). 


*) Otherwise, the inertia terms must be included in (3), and (4) must be supple- 
mented by suitable initial conditions. 
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On the other hand, the initial condition (7) for the temperature problem, 
is presently taken in the form 
(13) Lr, 0) 0) (27 co), 
whereas the corresponding boundary condition (8) is assumed to be 
given by 
(14) La OOF Watt =1, (Ot 5), 


in which 7 is the constant surface temperature to which the boundary 
is suddenly heated (or cooled). To (14) we adjoin the requirement 


(15) Tir, t) > 0 as r+ co (0<t<oo). 
At this stage, it is expedient to introduce a dimensionless radial 


coordinate and time by means of 


3 T xt 
(16) 0=>: tae 


and to adopt dimensionless variables for the temperature, radial displace- 
ment, and normal stresses, through 


ee ee ee, 

3 \ ar G2 vyel ja 
(17) oe 

f Or FP v)al yu Sy SOG: oO 


In view of (10), (16), (17), the field equations (1), (2), (3), wpon elimi- 
nation of the strains and after transformation into spherical coordinates, 
reduce *) to the two stress-displacement relations 


ou U 
= Nee == 1) 
V1 2”)6, (1 Ss T aT: (1 v)Q, 


(18) 


. ee Siete 
| (1—2»)a= (1 cd LEE Nat Ee aco (1 


ry 
together with the single stress-equation of equilibrium 
Ww, , 2G,— Go) 
oo | 0 


(19) = 0, 


Substitution from (18) into (19) yields the displacement-equation of 
equilibrium 


Ym 2m 22 Iw 
(20) 2 oe d op a Wao 
00? 9 0 0 


Moreover, (11), (12) now appear as 


(21) Galt) =O (Ox taco), 
(22) G,(0, t), G(0, T), (0, 7) +9 as @ > CO (0<T<ood). 


The heat-flow equation (6) presently becomes 


(23) Yt re 
3) See, for example, [6], art. 136. 
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and, in accordance with (13), (14), (15), is subject to tne conditions 


(24) plo, 0)=0 (1<@<co), 
(25) g(1, 0)=0, g(1, tT) =1 (0<t<oo), 
(26) g(o, T) > 0 as @ > oco (0<T<0ow). 


Solution of Problem 

In approaching the thermoelastic problem formulated in the preceding 
section, we assume first that (go, 7) is a known temperature field (with 
polar symmetry about the origin) and determine the corresponding 
thermal stresses and displacements in accordance with the boundary 
conditions (21), (22). Thus let (oe, t) be an arbitrary, sufficiently smooth, 
function which conforms to the regularity requirement 


(27) y(o, tT) =O(e) as @ > co (0<t<0o). 


Following DuHAmEt *), we note that (20) may be written as 


opie, ...)_ o@ 
(28) sal gtae(e**) |= 5 


whose general solution admits the representation 

} s, 2 

(29) HQ, tT) = C19 + C29 * +0-* J n°p(n, t)dn, 
1 


where c, and c, are arbitrary functions of t. It follows from (29), (18), 
on applying (21), (22), that c,=c,=0, whence 


| @= Fle, 7) 
(30) . 2 
/ Ona — i (6, T), y= Ca A T) — (2,7), 
with 
Q 
(31) F(Q, t)= J n°p(y, t)dy. 
1 


The elementary solution (30), which may also be obtained through a 
limit process from the corresponding classical solution for a spherical 
shell °), has a curious property that might have gone unnoticed heretofore: 
as is evident from (30), (31), 


(32) a(1,t)=0 (O<t<oo), 


whence the spherical boundary remains fixed, regardless of the specific 
nature of the temperature field y(o, t). Thus, (30), which obeys the boundary 
conditions (11), (12), is at the same time the solution of the mixed problem 
governed by (32), (12). 


4) See [6], p. 147 et seq. 
5) See [6], p. 418. 
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Our next task is the determination of the particular transient tempera- 
ture field po, t) which conforms to (23), (24), (25), (26). This trivial 
problem is most conveniently approached with the aid of the Laplace 
transform. Indeed let 


(33) D(o, s) = L{y(o, t); s}= f e-" w(0, t)dt 

0 
be the Laplace transform of (0, t) with respect to 1, s being the trans- 
form parameter. By virtue of the initial condition (24), the heat-flow 
equation (23) is carried into 


(34) 


Equation (34) is reducible to a modified Bessel equation and has the 
fundamental solutions 


(35) 


in which /,, and A, are modified Bessel functions of the first and second 
kind, respectively. In view of the regularity requirement (26), we take 


(36) @(o, 8) =c(s) -e-'*2 


and choose the arbitrary function c(s) consistent with the boundary 
condition (25), whose Laplace transform appears as 


= ol 
(37) CEE ae 
From (36), (37), we draw 

) = 1 i giiorl 
(38) aes "3 


and, upon inverting °) (38), reach 


(39) ple,t)= 7 vile), E= oe? 

where 

(40) w(é) = erfe (£) a: fe" da 
um € 


is the complementary error function. We note that 
(41) w(O)=1, p(é) > 0 as § > oo, 


and, for future reference, recall’) the power series development 


foe) 


2 (eel eee 
(42) ylé)=1- = >, Greet) 


n=O 


6) See, for example, [7], p. 299. 
iy See (81, po 147° 


My Snes 18 
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as well as the semi-convergent expansion, valid as § > o, 


N 
; e-# (—1)".2n | ee i ag a al 


The formal solution to the temperature problem is now complete; it is 
readily verified, with the aid of (41), that g(o, 7) given by (39), actually 
satisfies (23) to (26). 

Upon substitution of the particular temperature field g(e, 7) from 
(39) into (31), there results 
(44) Flo, t)= fap (0)dy, $=. 


1 Vr 


Equations (30), with F(o, 7) defined by (44), (40), therefore, constitute 
an integral representation for the thermal stresses and displacements 
associated with the temperature distribution at hand. For practical 
purposes, it is desirable to express the definite integral (44) in terms of 
error functions, for which extensive numerical tables are available §). 
Fortunately, such a closed representation of the solution under consideration 
presents no difficulties. 
Indeed, (44) and the second of (39) imply 


(45) F(o, t)=4rf Cy(C)dl +27 fy (Ode, 
0 
while (40), with the aid of integration by parts, yields 


(46) [y(0)dt=éy(é)4 


A” - ba bs S & s - a 1 
(47) Sep(c)dt=Sw(é)— See *+5[1—v(e)]. 


From (45), (46), (47) follows the desired representation 


(48) F(g, )=4 (0227-1) p()—(0+1) Jie fs r+ 2 YZ, 


7 U 


where & and y(&) are given in (389), (40). This completes the solution of 
the transient thermoelastic problem which is the object of the present 
investigation. 

Proceeding to the limit, as t —> oo, in (89), (30), (48), and using (41), 
(42), we obtain the steady-state solution 


(49) ae 
(50) 


*) The most comprehensive i 
st comprehensive tabulation appears to be [9] 
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The formulas (50), which are in agreement with the corresponding steady- 
state results for a spherical shell ®), follow also directly from (30), by 
substitution of (49) into (31). 


Numerical Results, Discussion 


The numerical evaluation of the transient temperature field (39), (40) 
and of the associated thermal displacements and stresses, given in (30), 
(31), (48), is readily carried out by means of the error-function tables [9]. 

Figures 1, 2, 3, and 4, display the dependence on the position para- 
meter 9=7/a, for various values of the dimensionless time t, of 9, @, G,, 
and G», respectively. All of the dimensionless functions just cited, are 
independent of the specific elastic and thermal properties of the material. 
The four sets of curves under discussion, correspond to t=1/4, 1, 4, 16, 
and to the steady-state limit as tT > oo. It may be useful to give explicitly 
the initial slopes of these curves at o=1, i.e. at the spherical boundary: 


E eg, oe 
\ deta.2 Vat 
(51) : z 


/ [=] =i, | end [=] Boel 
\ 004,27) 00 Ja, 7) : 00 Ji, 7) Vat 


In accordance with (51), the initial slopes in Figures 1, 4, in contrast to 
those in Figures 2, 3, depend on rt. As pointed out earlier under more 
general circumstances, W(1, tT) = 0, whence the boundary remains fixed 
at all times. We also note that ¢,(1, t)=4,(1, 7) = —1. Figures 1 to 4 
are otherwise self-explanatory. 

The time-dependence of @, %, G,, and 6,, for various values of o, 18 
depicted in Figures 5, 6, 7, and 8, respectively. The values of 9 selected 
for this purpose are 1.2, 1.6, 2, 3, 4, and 5. As t+ ©, while o is held 
fixed, all of the foregoing functions asymptotically approach their cor- 
responding steady-state value. Again we cite explicitly the initial slopes 
of the curves under discussion. Thus, as t — 0, 


op ou i 

—=»>), —= +0 (1), 

\ ot dr gt Vat (1) 

(52) WG, 2_ 04) 2 |. gq) 
we pat ot gat 


Consequently, all of the initial slopes in question are zero or infinite, 
regardless of the value of o. Figures 5, 6, 7 illustrate the fact that », w, 
and G, are monotone increasing functions of 1, if @ is fixed. In contrast, 
G,(0, t), for constant @, steadily increases toward a positive maximum — 
attained after a finite critical time t, —and subsequently steadily declines 
towards its compressive steady-state value, given by the last of (50). 
The critical time t, is the root of the transcendental equation 

(53) ee ee (FO. 


QVat 


*) See [6], p. 420. 
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In conclusion, we emphasize once more the quasistatic nature of the 
solution presented in this paper. The quantitative influence of the inertia 
effects which have been disregarded here, is not apt to be significant. 
On the other hand, the character of the solution must change essentially 
in the presence of the inertia terms which give rise to a spherical shock- 
wave. We intend to deal with this (less elementary) thermoelastic wave- 
propagation problem in a future publication, 
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GEOPHYSICS 


INSTABILITY IN THE EARTH’S MANTLE BECAUSE OF 
THE PHASE-TRANSITION-LAYER 


BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of November, 30, 1957) 


$1. Introduction 

Between the depths of 200 and 900 km the earth shows seismic veloc- 
ties pointing to a gradual increase of density. Reduced to surface con- 
ditions of pressure and temperature, the density in that area changes 
from 3.3 to 4.0. In a paper of 1955 the writer argued that a great number 
of facts strongly point to the presence — episodically — of convection- 
currents throughout the entire thickness of the mantle, and this implies 
the need to explain the density change by a change of modification, and 
not by a change of chemical constitution. It is generally accepted that 
the mantle consists of olivine and this is only known in an orthorhombic 
state, but Berna, already in 1936, expressed the opinion that under 
great pressure a spinel structure of olivine might exist and that this 
might explain the greater density below 900 km depth. Bernat based 
his suggestion on the study by GoL~pscumipt of two modifications of 
magnesiumgermanate, Mg,Ge O,, one isomorphic with the orthorhombic 
form of olivine, (Fe Mg),Si O,, and one a spinel structure. 

In his paper of 1955 the writer discussed the different aspects of this 
hypothesis and showed that a thick transition-layer between both modifi- 
cations, where both exist together, was likely to form as a consequence 
of the earth’s cooling. He found also that convection-currents can break 
through this phase-transition-layer provided the heat of transition of 
the two modifications is smaller than 100 calories. Though we can not 
determine this transition-heat, we know from other cases of two modifi- 
cations that this condition is no doubt fulfilled. 

A further study of this subject has shown that this is an under-statement. 
It is not only possible that convection-currents break through the critical 
layer in the earth, if this is a transition-layer between two modifications 
of olivine, but such a layer must be a strong source of instability in the 
mantle, which must necessary lead to the development of convection- 
currents. 

In a recent paper in the Transactions of the American Geophysical 
Union of August 1957, “Polymorphism in the Earth”, W. T. HoLsEr 
and (. J. ScHNEER make mention of a number of other denser states 
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which are possible: “‘close packing, rearrangements of interstitial atoms, 
coordination exchange, electronic transformation and rearrangement of 
the close packing atoms”. As long as the transformations from the lighter 
to the denser phase are reversible and as long as they are accompanied 
by a setting free of heat, respectively an absorption of heat if it concerns 
the return to the lighter form, this view is likewise compatible with the 
conclusions of this paper. 

Another important paper on this subject, “The Olivine-Spinel Tran- 
sition in the Earth’s Mantle’ by A. E. Rrxawoop!) approaches the 
subject from the thermo-dynamic side. It gives an important foundation 
to the olivine-spinel transition hypothesis. As this author likewise concludes 
to a transition-heat, set free when the lighter phase changes in the denser 
phase, and absorbed when the contrary transition takes place, the dis- 
cussions and conclusions of this paper can also be applied for this 
hypothesis. 

The instability brought about by the transition-layer is an important 
feature in the mantle. It might be advanced that convection-currents 
are not likely to originate in the mantle, because of the cooling not having 
penetrated deep enough in the mantle, and because of the small density 
change accompanying a change of temperature, in connection with the 
plastic state the mantle matter is in: the absolute value of the stress- 
deviator *) has to exceed an elastic limit before flow can start. The 
instability mentioned solves the problem. 


oF 
& 2. 


The instability of the mantle caused by the transition-layer 

Before taking up this subject, we shall first consider the type of con- 
vection-current occurring in the mantle. It has the property of not making 
more than a half turn, bringing down the mantle matter cooled at the 
surface and returning matter of higher temperature. A long time of rest 
follows before the cooling has again brought on sufficient instability for 
a new convection-current to be possible. This type of convection is caused 
by two circumstances, the very slow temperature conduction in the 
mantle and its plastic properties mentioned above. During the time the 
current lasts the conduction has only a small effect. Because of the limit 
of elasticity which has to be surpassed before flow can start. the temper- 
ature gradient, though causing instability, can not lead to flow and so a 
trigger effect is necessary, e.g. a horizontal temperature gradient in the 
surface layer, before it can originate. The current then accelerates during 
the first quarter of revolution. At that time the maximum temperature 
difference exists, and therefore the maximum density difference, between 
the subsiding and the rising columns. The current then slows down till 


1) Nature, 178, 1303-1304, Dec. 8, 1956. 

*) The absolute value of the stress-deviator is the root of the sum of the squares 
of the nine constituents of its matrix: see e.g. VENING MEINEsz, “Elasticity and 
Plasticity”, Applied Scientific Research, See. A, 6, 205-225 
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after a half turn it comes to a stop. The conduction can not more than 
slightly affect this course of events. We shall here neglect it. 

We start by considering the parts of the rising and subsiding columns 
outside the transition-layer. Introducing a coordinate system with the 
Z axis positive downwards, and denoting the vertical velocity component 
by wo, also positive downwards, the thermal volume expansion coefficient 
by « and the temperature gradient by /, the increase of density per 
second in the subsiding column at a certain level is given by afwy per 
gram. In the rising column it is given by the same formula; it changes 
sign here with wy, and so it is a decrease of density. 

In the transition-layer the gradient must correspond to the phase- 
equilibrium of the two modifications, respectively states '). We shall call 
the curve representing the temperature-depth relation corresponding to 
this phase-equilibrium, the equilibrium curve, and we shall denote its 
temperature-gradient by /.. 

Because of the subsidence velocity w) in the subsiding column of the 
current, a transition from the light to the heavy phase occurs, which 
produces per gram the transition heat; we shall denote this heat by Kk, 
calories. If the percentage of the heavy phase is denoted by q, its change 
per second is given by dq/d¢ and the heat produced per gram by K,dq/dt. 
This is determined by the need that by this transition the temperature 
6,, which by the subsiding velocity w, decreases by wf, is restored to 
its original value corresponding to the equilibrium curve. ite is" the 
specific heat, we thus find the relation 
(1a) eee 

ot Ke 

This. however, is not the complete formula for d¢/dt; a decrease of ¢ 
occurs because this quantity is carried along downwards with the velocity 
w, and so, at the original level a decrease occurs equal to wydq/dz. Together 
we obtain 


WC og 
(1b) og Beo a eg 


ie ae oz UW: 


If the density difference of the two phases is denoted by Ag the density 
increase is given by 


ra) We 0G 
(2) d, = Ao ~ = (& = sf) Wy Ao. 


Carrying out a rough integration over the height / of the transition-layer 
and supposing for this purpose c, K, and w, to be constant over this 
height, we obtain, if ,, and (6, represent the temperatures at the top 
and the bottom of this layer 


h 


(3) Dy = [dq de = | (0. B,) 7 — 1 | wy Av. 


1) We shall not discuss here the type of equilibrium concerned; it may have 
a very slowly dynamic character, 1t may be that of a solid solution (Ringwood). 
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For the rising column we again get the same formula but it has a negative 
value because of the negative sign of wy, so it represents a density decrease. 

We can draw here the same conclusion as in 1955, viz. that, in order 
that the transition-layer is no obstacle against convection-currents or, 
in other words, that the factor of the right member of formula (3) does 
not become zero or negative, the following condition has to be fulfilled 


(4a) K.<(9.—x) ¢ 


Introducing ,—,,0,=500° and c=0.20 (see “Handbook of Physical 


Constants” by Brrow, SCHATRER and SPICER) we obtain 
(4b) K,<100 eal. 


According to Dr. W. NrzuwrNKAMP this condition is sure to be fulfilled; 
all known transition-heat figures give smaller values and for the case of 
the two modifications of olivine Nieuwenkamp’s estimate is that K,, is 
probably less than 25 cal. 

For comparing this case of convection-currents breaking through a 
transition-layer to the case of normal convection of the half turn kind, 
we derive the density increase for this last case over the height h and for 
the temperature difference between top and bottom of ,0,—,0.. Denoting 
the density by o we find 


(5) D,=x(0, —,,9,) wo. 


e uve 


For the ratio of D, and D, we obtain 


6. - ue) ol 1 
(6) Dy _ OK >» de 
dD, (18¢ — Oe) x : Q ; 


Putting «=2 x 10-°, Ao=4.0—3.3=0.7, p= $(4.0 + 3.3) =3.65, 
0,—,0,= 500° and c=0.20, we find 


(7a) ay 19.2 (72 . 1) 


and for values of K, of 10, 25, and 50 eal. 


\ K,= 10. 26. 50 cal. 


Do pon eo 0 F 4 Q » 
/ D, = 172.8 67.6 19-9. 


(7b) 

For the rising column of the convection-current we obviously find the 
same values for the ratio. We can draw the conclusion that the density 
difference of the subsiding and rising columns, which provides the driving 
power of the convection-current, is many times larger because of the 
presence of the transition-layer. For the parts in that layer the instability 
is probably more than sixty-fold increased and. more likely even, more 
than a hundredfold. For the whole mantle an increase to a fifteen times 
larger instability, compared to normal thermal convection, is practically 
sure. This may still be under-estimated. So we can state that the presence 
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of the transition-layer is a source of strong instability in the mantle. 
Small vertical movements must increase to strong currents. 

From the above deductions we can follow that in the subsiding column 
of the convection-current the percentage of heavy matter increases, and 
so we can state that during that time the transition-layer here must move 
upwards. In the same way it must subside in the rising column of the 
current. We shall study now more closely the consequences of these 
vertical movements of the transition-layer. 


$3. Vertical movements of the transition-layer, caused by convection-currents 

Examining the situation after the convection-current has made its half 
turn, we find the transition-layer shifted upwards where the subsiding 
of the current was located and downwards where the rising occurred. 
This must have brought about a strong subsidence at the earth’s surface 
in the first area and a rising in the second, both corresponding to the 
increase of the heavy modification in the first column and its decrease 
in the second. The topography thus caused at the earth’s surface, is not 
isostatically compensated, as the crust’s topography normally is, but the 
mass-compensation is situated deep down in the mantle, viz. in the 
transition-layer. 

It is clear that this mass-compensation does not mean equilibrium in 
the plastic mantle. The equilibrium is obviously disturbed, but we may 
assume that the deviations can not surpass a certain limit. If at the 
same level the pressure in the subsiding current column and that in the 
rising column differed more than some limiting value dependent on the 
elastic limit of the mantle matter, a flow, perhaps combined with a 
certain amount of diffusion, must have set in from the subsiding column 
towards the rising one. In the same way the difference of the subsidence 
and the rising at the surface is bound to lead to flow if this elastic limit 
is exceeded. Another limiting factor is no doubt found in the consequence 
of the vertical movements of the transition-layer for the temperature- 
depth curve in the earth, which can not be disturbed too much without 
causing changes in the phase percentage, restoring it to its position. This 
last limiting circumstance must be important, especially for large current- 
systems. 

Of the strong subsidence at the earth’s surface, which we must expect 
in the area where the convection-current subsides, and of the corresponding 
rising, where the current rises, we find striking examples in the island-are 
areas. In the Banda are, e.g., a surprisingly rapid subsidence must have 
occurred in a recent period and it must have been accompanied by a 
strong rising of the surrounding island-arc. The Banda Sea has now a 
depth of slightly over 5000 m, but a few million years ago the surface 
of the crust in that area was above sea-level and it had even higher 
elevation than the surrounding arc, where evidence is found of erosion 
products from the Banda Sea area. Analogous evidence has been found 
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in several other island-are areas in Indonesia, in the Caribbean area and 
elsewhere. 

Since long the writer has tried to explain these findings by the hypo- 
thesis of convection-currents, subsiding in the basin area and rising under 
the are around—which can well be surmised, because the sial concen- 
tration in the outer, tectonic, are gives increased radio-activity and, 
therefore, a horizontal temperature gradient providing a trigger effect — 
but in three respects this explanation was not satisfactory. In the first 
place it was not easy to account for the great depth, and especially for 
the fact that for all these basins this depth has about the same value; 
in the second place it was difficult to explain why probably these basins 
last so long while the convection-currents can hardly have continued for 
a longer time than a limited number of millions of years; and thirdly 
it is not clear why the gravity anomalies over those basins show large 
positive values. 

These difficulties are solved by the effect on convection-currents of 
the transition-layer, as we have discussed it in this paper. In the first 
place the enhanced instability can much better explain the rapid sub- 
sidence of the basins and the quick rising of the ares around. The same 
order of depth of the different island-are basins follows from the limit of 
vertical movements of the transition-layer, discussed above, which does 
not depend on the location of the island-are, but on the properties and 
position of the transition-layer. 

In the second place we have seen that the amount of rising of the 
transition-layer caused by the subsiding column of the convection-current 
has a stable character and can not easily disappear. The deep basin it 
brings about at the earth’s surface, has, therefore, the same persisting 
qualities. 

Thirdly the high position of the transition-layer can well explain the 
positive gravity anomalies. 

Thus far we have considered the small type of convection-current to 
which we may probably attribute the subsiding of the deep basins in the 
island are areas and the rising of the are around. These currents probably 
do not reach farther down than in the transition-layer. 

The largest type of mantle-current disturbs the whole mantle: we may 
attribute the periods of great tectonic activity to this type of current- 
system. They obviously must break through the whole transition-layer. 
As we mentioned already in the first section, the instability caused by 
this layer is probably an important factor in bringing these currents about 
and thus causing the episodically recurring periods of tectonic activity 
and of mountain formation during the earth’s history. 

We may expect that the greater radioactivity of the sialic continental 
shields compared with the ocean-crusts must bring about that in general 
the rising currents occur in the continental areas and the subsiding 
currents in the ocean parts. According to the above discussions we must 
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assume that the rising currents must be accompanied by a subsidence 
of the transition-layer and, therefore, a rising of the earth’s surface and 
that the contrary phenomenon occurs in the areas of subsiding currents. 
We may conclude that we can thus explain the regression of the continents 
during the first phase of the periods of tectonic activity, as it has been 
derived from the geological data. We can likewise understand the long 
persistence of this regression. 

For the small type of convection-current we can derive a rough estimate 
of the maximum vertical displacement of the transition-layer. From the 
depth of the subsided basins of about 5 km we can compute the amount 
of the light phase of olivine which changed in the heavy phase, and we 
find a layer of a thickness of 5 x 4/0.7=29 km. Assuming that the 
thickness and constitution of the transition-layer did not change — which 
is of course not sure to be true—this figure would give the upward shift 
of this layer in the areas of subsiding currents. Because of the general 
cooling of the earth its downward shift in the areas of rising currents has 
probably been somewhat smaller. 

For the convection-currents through the whole mantle the base of 
such a computation is vague. The amount of regression is less well known 
and as this amount not only depends on the distribution of the rising 
currents but also on that of the subsiding currents, which determine the 
subsidence of the ocean-floors, and as both distributions are unknown, 
we can hardly arrive at an estimate of the vertical movements of the 
transition-layer for these phenomena. We can only vaguely surmise that 
the amount of the displacement is smaller than the above figure. 

We shall not make an attempt at trying to determine the way the 
vertical shifts of the transition-layer for both cases disappear again. This 
is no doubt an extremely slow process; it seems likely that among other 
possible ways the temperature conduction in the earth plays a part. 

We may conclude that if it is true that the cooling of the earth brings 
about a slow upward shift of the transition-layer—and the convection- 
currents, stimulated by this layer of instability, accelerate this process 
of cooling—the time may come that the olivine of the mantle is changed 
in the heavy phase up to the limit to which this phase can exist. If this 
would occur, the instability caused by the transition-layer would dis- 
appear, and it might be that then no more mantle-currents would be 
possible. The principal cause of tectonic activity in the earth’s crust 
would then have vanished. 


PALAEONTOLOGY 


ERRATUM 


HEMANTHROPUS n.g. NOT HEMIANTHROPUS 
BY 


G. H. R. VON KOENIGSWALD 


On page 158 of these Proceedings I described a new hominoid from 
China, which has been called Hemianthropus peii n.g. n.sp. Professor 
BoscuMA was kind enough to draw my attention to the fact that this 
name has already been used by FREUDENBERG (Hemianthropus Freuden- 
berg 1929, Verh. Anat. Ges. Jena, 38, p. 240). For this reason I want 
to change the name into Hemanthropus n.g. 
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